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Introduction to lst Edition 


The opening session of the physics degree course at Imperial College includes 
an introduction to vibrations and waves where the stress is laid on the 
underlying unity of concepts which are studied separately and in more detail at 
later stages. The origin of this short textbook lies in that lecture course which 
the author has given for a number of years. Sections on Fourier transforms and 
non-linear oscillations have been added to extend the range of interest and 
application. 

At the beginning no more than school-leaving mathematics is assumed and 
more advanced techniques are outlined as they arise. This involves explaining 
the use of exponential series, the notation of complex numbers and partial 
differentiation and putting trial solutions into differential equations. Only 
plane waves are considered and, with two exceptions, Cartesian coordinates 
are used throughout. Vector methods are avoided except for the scalar product 
and, on one occasion, the vector product. 

Opinion canvassed amongst many undergraduates has argued for a ‘work- 
ing’ as much as for a ‘reading’ book; the result is a concise text amplified by 
many problems over a wide range of content and sophistication. Hints for 
solution are freely given on the principle that an undergraduate gains more 
from being guided to a result of physical significance than from carrying out a 
limited arithmetical exercise. 

The main theme of the book is that a medium through which energy is 
transmitted via wave propagation behaves essentially as a continuum of 
coupled oscillators. A simple oscillator is characterized by three parameters, 
two of which are capable of storing and exchanging energy, whilst the third is 
energy dissipating. This is equally true of any medium. 

The product of the energy storing parameters determines the velocity of 
wave propagation through the medium and, in the absence of the third 
parameter, their ratio governs the impedance which the medium presents to 
the waves. The energy dissipating parameter introduces a loss term into the 
impedance; energy is absorbed from the wave system and it attenuates. 

This viewpoint allows a discussion of simple harmonic, damped, forced and 
coupled oscillators which leads naturally to the behaviour of transverse waves 
on a string, longitudinal waves in a gas and a solid, voltage and current waves on 
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a transmission line and electromagnetic waves in a dielectric and a conductor. 
Ali are amenable to this common treatment, and it is the wide validity of 
relatively few physical principles which this book seeks to demonstrate. 


May 1968 | H. J. Pain 


Preface to 2nd Edition 


The main theme of the book remains unchanged but an extra chapter on Wave 
Mechanics illustrates the application of classical principles to modern physics. 

Any revision has been towards a simpler approach especially in the early 
chapters and additional problems. Reference to a problem in the course of a 
chapter indicates its relevance to the preceding text. Each chapter ends with a 
summary of its important results. 

Constructive criticism of the first edition has come from many quarters, not 
least from successive generations of physics and engineering students who have 
used the book; a second edition which incorporates so much of this advice is the 
best acknowledgement of its value. 


June 1976 H. J. PAIN 
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Preface to 3rd Edition 


Since this book was first published the physics of optical systems has been a 
major area of growth and this development is reflected in the present edition. 
Chapter 10 has been rewritten to form the basis of an introductory course in 
optics and there are further applications in chapters 7 and 8. 

The level of this book remains unchanged. 


January 1983 H. J. PAIN 
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Chapter 1 


Simple and Damped Simple 
Harmonic Motion 


At first sight the eight physical systems in fig. 1.1 appear to have little in 
common. 


1.1(a) 
1.1(b) 
1.1(c) 


1.1(d) 


1.1(e) 


1.1(f) 


1.1(g) 


1.1(h) 


is a simple pendulum, a mass m swinging at the end of a light rigid rod 
of length I. 

is a flat disc supported by a rigid wire through its centre and oscillating 
through small angles in the plane of its circumference. 

is a mass fixed to a wall via a spring of stiffness s sliding to and fro in the 
x direction on a frictionless plane. 

is amass m at the centre of a light string of length 21 fixed at both ends 
under a constant tension JT. The mass vibrates in the plane of the 
paper. 

is a frictionless U-tube of constant cross-sectional area containing a 
length / of liquid, density p, oscillating about its equilibrium position of 
equal levels in each limb. 

is an open flask of volume V and a neck of length / and constant 
cross-sectional area A in which the air of density p vibrates as sound 
passes across the neck. 

is ahydrometer, a body of mass m floating in a liquid of density p witha 
neck of constant cross-sectional area cutting the liquid surface. When 
depressed slightly from its equilibrium position it performs small 
vertical oscillations. 

is an electrical circuit, an inductance L connected across a capacitance 
C carrying a charge q. 


All of these systéms are simple harmonic oscillators which, when slightly 
disturbed from their equilibrium or rest position, will oscillate with simple 
harmonic motion. This is the most fundamental vibration of a single particle or 
one-dimensional system. A small displacement x from its equilibrium position 
sets up a restoring force which is proportional to x acting in a direction towards 
the equilibrium position. 


1 


2 The Physics of Vibrations and Waves 


(a) (b) 


mx + mg 7 =O 


ml6 + mg@=0 
re] 2- / 3 
oe I6+c@=0 
we=¢ 
l c 
‘ mg sin @=mg@ KOR 
mg + 
; 
mg 
(c) (d) mk +2T% =0 
i. =. 
- pp 
m 
3 T 
x 
Vath 
. y pxA® 
(e) pixt+ 2pgx =O (f) pAlk + =O 


w= 2g/ 
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(g) y.) (h) 


mx + Apgx=0O 
on *Apgy, 


Fig. 1.1. Simple harmonic oscillators with their equations of motion and 

angular frequencies w of oscillation. (a) A simple pendulum. (b) A torsional 

pendulum. (c) A mass on a frictionless plane connected by a spring to a wall. (d) 

A mass at the centre of a string under constant tension T. (e) A fixed length of 

non-viscous liquid in a U-tube of constant cross-section. (f) An acoustic 

Helmholtz resonator. (g) A hydrometer mass m ina liquid of density p. (h) An 
electrical L Cresonant circuit 


Thus, this restoring force F may be written 
| ee 


where s, the constant of proportionality, is called the stiffness and the negative 
sign shows that the force is acting against the direction of increasing displace- 
ment and back towards the equilibrium position. A constant value of the 
stiffness restricts the displacement x to small values (this is Hooke’s Law of 
Elasticity). The stiffness s is obviously the restoring force per unit distance (or 
displacement) and has the dimensions 


force sa 
distance L 


The equation of motion of such a disturbed system is given by the dynamic 
balance between the forces acting on the system, which by Newton’s Law is 


mass times acceleration = restoring force 
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where the acceleration 


= d°x 
Be ‘ 
dt? 
This gives 
mx +sx =0 
or 
= S 
pe wee? Sek 
m 
where the dimensions of 
nee’ 
Ss are MELT T ’= y” 
m ML 


Here T is a time, or period of oscillation, the reciprocal of v which is the 
frequency with which the system oscillates. 

However, when we solve the equation of motion we shall find that the 
behaviour of x with time has a sinusoidal or cosinusoidal dependence, and it 
will prove more appropriate to consider, not v, but the angular frequency 


w = 277 so that the period 
1 
T=-=27 Re 
v S 


; : + . ‘ : . 
where s/m is now written as w*. Thus the equation of simple harmonic motion 


becomes 


(Problem 1.1) 


Displacement in Simple Harmonic Motion 


The behaviour of a simple harmonic oscillator is expressed in terms of its 
displacement x from equilibrium, its velocity x, and its acceleration x at any 
given time. If we try the solution 


x=Acosat 
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where A is a constant with the same dimensions as x, we shall find that it 
satisfies the equation of motion 


X+w'x=0 
for 
xX = — Aw sin wt 
and 
se 2 2 
X= — Aw’ cos wt = —w°x 
Another solution 
x=Bsinat 


is equally valid, where B has the same dimensions as A, for then 
x = Bo cos wt 

and 
X= — Bo’ sin wt = —w°x 


The complete or general solution of equation (1.1) is given by the addition or 
superposition of both values for x so we have 


x =A cos wt+ B sin wt (1.2) 
with 
¥=—w'(A cos ot +B sin wt) = — wx 


where A and B are determined by the values of x and x at a specified time. 
If we rewrite the constants as 


A=asing and B=acos¢d 
where ¢ is a constant angle, then 
A’+B’=a’(sin’ 6+cos’ 6) =a’ 

so that 

ax Var? 
and 

x=asind cos wtt+acos ¢ sin at 

=a sin (at+¢) 


The maximum value of sin (wt +q@) is unity so the constant a is the maximum 
value of x, known as the amplitude of displacement. The limiting values of 
sin (wt + d) are +1 so the system will oscillate between the values of x = +a and 
we shall see that the magnitude of a is determined by the total energy of the 
oscillator. 
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The angle ¢ is called the ‘phase constant’ for the following reason. Simple 
harmonic motion is often introduced by reference to ‘circular motion’ because 
each possible value of the displacement x can be represented by the projection 
of a radius vector of constant length a on the diameter of the circle traced by the 
tip of the vector as it rotates in a positive anticlockwise direction with a constant 
angular velocity w. Each rotation, as the radius vector sweeps through a phase 
angle of 27 radians, therefore corresponds to a complete vibration of the 
oscillator. In the solution 


x=asin(wt+¢) 


the phase constant #, measured in radians, defines the position in the cycle of 
oscillation at the time t=0, so that the position in the cycle from which the 
oscillator started to move is 


x=asingd 
The solution 
Xx=asinwt 


defines the displacement only of that system which starts from the origin x = 0 
at time t = 0 but the inclusion of ¢ in the solution 


x=asin(ot+¢) 


where ¢ may take all values between zero and 277 allows the motion to be 
defined from any starting point in the cycle. This is illustrated in fig. 1.2 for 
various values of @. 


x=a Sin(wf+t d) 


Fig. 1.2. Sinusoidal displacement of simple harmonic 
oscillator with time, showing variation of starting point 
in cycle in terms of phase angle ¢ 


(Problems 1.2, 1.3, 1.4) 


Velocity and Acceleration in Simple Harmonic Motion 
The values of the velocity and acceleration in simple harmonic motion for 


x=asin(ot+¢) 
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are given by 


ota cos (wt + d) 
and 
d- 
q2at= —aw* sin(wt+ ) 


The maximum value of the velocity aw is called the velocity amplitude and the 


acceleration amplitude is given by aw’. 
From fig. 1.2 we see that a positive phase angle of 7/2 radians converts a sine 


into a cosine curve. Thus the velocity 
X = aw cos (wt+ ¢) 
leads the displacement 
x=asin(wat+¢d) 

by a phase angle of 7/2 radians and its maxima and minima are always a 
quarter of a cycle ahead of those of the displacement; the velocity is a 
maximum when the displacement is zero and is zero at maximum displacement. 
The acceleration is ‘anti-phase’ (7 radians) with respect to the displacement, 


being maximum positive when the displacement is maximum negative and vice 
versa. These features are shown in fig. 1.3. 


Xf 
ok S 


X= aw COS (wi +¢) 


¥=-gué sin(wf +) 


Acceleration x 


Fig. 1.3. Variation with time of displacement, velocity 

and acceleration in simple harmonic motion. Displace- 

ment lags velocity by 7/2 radians and is 7 radians out of 

phase with the acceleration. The initial phase constant ¢ 
is taken as zero 
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Often, the relative displacement or motion between two oscillators having 
the same frequency may be considered in terms of their phase difference 
1 — @> which can have any value because one system may have started several 
cycles before the other and each complete cycle of vibration represents a 
change in the phase angle of @ = 27. When the motions of the two systems are 
diametrically opposed, that is, one has x = + a whilst the other is at x = — a, the 
systems are ‘anti-phase’ and the total phase difference 


ob, — b2 = nt radians 
where n is an odd integer. Identical systems ‘in phase’ have 
ob, — 2 = 2n7 radians 


where n is any integer. They have exactly equal values of displacement, velocity 
and acceleration at any instant. 


(Problems 1.5, 1.6, 1.7, 1.8) 


Non-linearity 


As long as the displacement follows a sine or cosine behaviour with time the 
system is said to be linear. Non-linearity results when the stiffness s is not 
constant but varies with the displacement x (see Chapter 11). 


Energy of a Simple Harmonic Oscillator 


The fact that the velocity is zero at maximum displacement in simple harmonic 
motion and is a maximum at zero displacement illustrates the important 
concept of an exchange between kinetic and potential energy. In an ideal case 
the total energy remains constant but this is never realized in practice. If no 
energy is dissipated then all the potential energy becomes kinetic energy and 
vice versa, so that the values of (a) the total energy at any time, (b) the 
maximum potential energy and (c) the maximum kinetic energy, will all be 
equal, that is 


Boral = KE + PE = Rix - |g ee 


The solution x =a sin (wt+@) implies that the total energy remains constant 
because the amplitude of displacement x = +a is regained every half cycle at 
the position of maximum potential energy; when energy is lost the amplitude 
gradually decays as we shall see later ip this chapter. The potential energy is 
found bys ing all the small elements of work sx. dx (force sx times Alistance 
dx) done by the system against the restoring force over the range zero to x where 
x = 0 gives zero potential energy. 
Thus the potential energy = 


x 
1 2 
| Sx. dX\=3SX 
0 
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The kinetic energy is given by 3mx” so that the total energy 


Since E is constant we have 


dE 
ap me + sxx =0 


giving again the equation of motion 
mx+sx =O. 
The maximum potential energy occurs at x = +a and is therefore 


1 2 
PE max = 25a 
The maximum kinetic energy is 


KE max = (2MX*)max=32ma~w [cos’ (wt + b)|max 
=sma°o* 
when the cosine factor is unity. 
But mw’ = s so the maximum values of the potential and kinetic energies are 
equal, showing that the energy exchange is complete. 
The total energy at any instant of time or value of x is 


1 eves gg 
E=3zmx" +5s8x 


*w[cos’ (wt t+) +sin’ (wt+ d)] 


as we should expect. 
Fig. 1.4 shows the distribution of energy versus displacement for simple 
harmonic motion. Note that the potential energy curve 


PE =3sx°=4ma’q sin’ (ot + ¢) 


is parabolic with respect to x and is symmetric about x = 0, so that energy is 
stored in the oscillator both when x is positive and when it is negative, e.g. a 
spring stores energy whether compressed or extended, as does a gas in 
compression or rarefaction. The kinetic energy curve 


KE =3mx* =3ma~*w’ cos *(wt+¢d) 


is parabolic with respect to both x and x. The inversion of one curve with 
respect to the other displays the 7/2 phase difference between the displace- 
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Total energy £=KE+PE 


g +0 
J2 J2 
Displacement 


Fig. 1.4. Parabolic representa- 
tion of potential energy and 
kinetic energy of simple har- 
monic motion versus displace- 
ment. Inversion of one curve 
with respect to the other shows a 
90° phase difference. At any dis- 
placement value the sum of the 
ordinates of the curves equals 
the total constant energy E 


ment (related to the potential energy) and the velocity (related to the kinetic 
energy). 

For any value of the displacement x the sum of the ordinates of both curves 
equals the total constant energy E. 


(Problems 1.9, 1.10, 1.11) 


Simple Harmonic Oscillations in an Electrical System 


So far we have discussed the simple harmonic motion of the mechanical and 
fluid systems of fig. 1.1, chiefly in terms of the inertial mass stretching the 
weightless spring of stiffness s. The stiffness s of a spring defines the difficulty of 
stretching; the reciprocal of the stiffness, the compliance C (where s = 1/C) 
defines the ease with which the spring is stretched and potential energy stored. 
This notation of compliance C is useful when discussing the simple harmonic 
oscillations of the electrical circuit of fig. 1.1(h) and fig. 1.5, where an 
inductance L is connected across the plates of a capacitance C. The force 
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Ps lee 
ees  é +{C 
Fig. 1.5. Electrical system which oscillates simple si : 
harmonically. The sum of the voltages around + 
the circuit is given by Kirchhoff’s law as Ging 
L dI/dt+q/C =0 Lq+o=0 


equation of the mechanical and fluid examples now becomes the voltage 
equation (balance of voltages) of the electrical circuit, but the form and solution 
of the equations and the oscillatory behaviour of the systems are identical. 

In the absence of resistance the energy of the electrical system remains 
constant and is exchanged between the magnetic field energy stored in the 
inductance and the electric field energy stored between the plates of the 
capacitance. At any instant, the voltage across the inductance is 


where IJ is the current flowing and q is the charge, the negative sign showing that 
the voltage opposes the increase of current. This equals the voltage g/C across 
the capacitance so that 


Lg+q/C=0 (Kirchhoff’s Law) 
or 
gt wq =0 
where 
lade 
s 


The energy stored in the magnetic field or inductive part of the circuit 
throughout the cycle, as the current increases from 0 to J, is formed by 
integrating the power at any instant with respect to time, that is 


(where V is the magnitude of the voltage across the inductance). 
So 


I 


B= | vidi=| LCrat= | LI dI 
dt 0 


The potential energy stored mechanically by the spring is now stored electro- 
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statically by the capacitance and equals 


F 
iy 72_ 4 
3CV: =-— 
’ 2C 
Comparison between the equations for the mechanical and electrical 
oscillators 


mechanical (force) > mx + sx = 0 


electrical (voltage) > Lq a =0 


mechanical (energy) > tmx? + $sx°=E 


1 1 q° 
electrical (energy) > 5 Lq°+ 3 * ~ 


shows that magnetic field inertia (defined by the inductance L) controls the rate 
of change of current for a given voltage in a circuit in exactly the same way as 
the inertial mass controls the change of velocity for a given force. Magnetic 
inertial or inductive behaviour arises from the tendency of the magnetic flux 
threading a circuit to remain constant and reaction to any change in its value 
generates a voltage and hence a current which flows to oppose the change of 
flux. This is the physical basis of Fleming’s right hand rule. 


Superposition of Two Simple Harmonic Vibrations in One Dimension 
(1) Vibrations Having Equal Frequencies 


In the following chapters we shall meet physical situations which involve the 
superposition of two or more simple harmonic vibrations on the same system. 

We have already seen how the displacement in simple harmonic motion may 
be represented in magnitude and phase by a constant length vector rotating in 
the positive (anticlockwise) sense with a constant angular velocity w. To find the 
resulting motion of a system which moves in the x direction under the 
simultaneous effect of two simple harmonic oscillations of equal angular 
frequencies but of different amplitudes and phases, we can represent each 
simple harmonic motion by its appropriate vector and carry out a vector 
addition. | 

If the displacement of the first motion is given by 


Xx; =a, cos (wt + 1) 
and that of the second by 


X2 = a2 0S (wt + d>) 
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Fig. 1.6. Addition of vectors, each repres- 
enting simple harmonic motion along the x 
axis at angular frequency w to give a result- 
ing simple harmonic motion displacement 
x =R-cos(wt+@)—here shown for t=0 


then fig. 1.6 shows that the resulting displacement amplitude R is given by 
R’ =(a,+a> cos 8)’ +(a> sin 5)” 
= a, +a5+2a,a> cos 6 


where 6 = ¢2— q, is constant. 
The phase constant @ of R is given by 


_ a, sin d+ 4, sin 2 


tan 
a, COS d; + a2 COS ho 


so the resulting simple harmonic motion has a displacement 

x =R cos (wt + 8) 
an oscillation of the same frequency w but having an amplitude R and a phase 
constant 0. 


(Problem 1.12) 


(2) Vibrations Having Different Frequencies 


Suppose we now consider what happens when two vibrations of equal amp- 
litudes but different frequencies are superposed. If we express them as 
X,=asinw,t 
and 
Xx =a SIN wot 
where 
W? eo W 
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then the resulting displacement is given by 
X=x,+x>=a(sin w,t+sin wt) 


. (wy +wr)t (@2—w )t 
———— cos ————-— 


=2 
a sin 5 5 


This expression is illustrated in fig. 1.7. It represents a sinusoidal oscillation at 
the average frequency (w;+2)/2 having a displacement amplitude of 2a 


Ww -W 
cos” 1) 7 
2 
rs 
y & 


wl 


Fig. 1.7. Superposition of two simple harmonic displacements 

X,=asin@,t and x,=asinw,t when w2,>a,. The slow 

cos [w2—@ )/2]t envelope modulates the sin[(w2+,)/2]t 
curve between the values x = +2a 


which modulates, that is, varies between 2a and zero under the influence of the 
cosine term of a much slower frequency equal to half the difference (w2—,)/2 
between the original frequencies. 

When w, and w> are almost equal the sine term has a frequency very close to 
both w, and w, whilst the cosine envelope modulates the amplitude 2a at a 
frequency (w2—,)/2 which is very slow. 

Acoustically this growth and decay of the amplitude is registered as ‘beats’ of 
strong reinforcement when two sounds of almost equal frequency are heard. 


The frequency of the ‘beats’ is (w2—,), the difference between the separate. 


frequencies (not half the difference) because the maximum amplitude of 2a 
occurs twice in every period associated with the frequency (w.— )/2. We 
shall meet this situation again when we consider the coupling of two oscillators 
in Chapter 3 and the wave group of two components in Chapter 4. 


&e 
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Superposition of Two Perpendicular Simple Harmonic Vibrations 
(1) Vibrations Having Equal Frequencies 


Suppose that a particle moves under the simultaneous influence of two simple 
harmonic vibrations of equal frequency, one along the x axis, the other along 
the perpendicular y axis. What is its subsequent motion? 

The displacements may be written 


X =a, sin (wt+q)) 
y =a) sin (wt + d>) 


and the path followed by the particle is formed by eliminating the time t from 
these equations to leave an expression involving only x and y and the constants 


OF) and 2. 
Expanding the arguments of the sines we have 


x 
—=sin wt cos @; + cos wt sin dy, 
a; 
and 


a sin wt COS @2+ COS wt sin dz 
a2 


If we carry out the process 


2 


2 
(= sin b2 ~ sin 61] + (2 COS Pj -—= cos >) 
ay; ar a2 a} 
this will yield 


7 : ; 
‘as cos (d2— $1) = sin* (d2— 4) (1.3) 


= Fs 
ee 
<—— 
Gy @3.- G@,@> 
which is the general equation for an ellipse. 
In the most general case the axes of the ellipse are inclined to the x and y 
axes, but these become the principal axes when the phase difference 


T 
bo dj — 2 
Equation 1.3 then takes the familiar form 
x? 2 
5+25=1 
G+ --@> 


that is, an ellipse with semi-axes a, and a>. 
If a; = a,=a this becomes the circle 


xt+y=a’ 
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When 
d2— 61 = 0, 27, 477 etc. 
the equation simplifies to 


a2 
——— 
ay 


which is a straight line through the origin of slope a2/a}. 
Again for ¢2— $1 = 7, 37, 57 etc., we obtain 
a2 


_— 
ay 


a straight line through the origin of equal but opposite slope. 

The paths traced out by the particle for, various values of 6 = @2— ; are 
shown in fig. 1.8 and are most easily demonstrated on a cathode ray oscillo- 
scope. | 

When 


b2— 6; = 0, 7, 277 etc. 


and the ellipse degenerates into a straight line, the resulting vibration lies 
wholly in one plane and the oscillations are said to be plane polarized. 


Es K WA 
= 

, SOAK 
: S34 

: x =aSin(wf+ ¢,) $,- $, = 8 


Fig. 1.8. Paths traced by a system vibrating simultaneously in 

two perpendicular directions with simple harmonic motions of 

equal frequency. The phase angle 6 is the angle by which the y 
motion leads the x motion 
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Convention defines the plane of polarization as that plane perpendicular to the 
plane containing the vibrations. Similarly the other values of 


p2— 1 


yield circular or elliptic polarization where the tip of the vector resultant traces 
out the appropriate conic section. 


(Probiems 1.13, 1.14, 1.15) 

*Polarization 

Polarization is a fundamental topic in optics and arises from the superposition 
of two perpendicular simple harmonic optical vibrations. We shall see in 
Chapter 7 that when 4 light wave is plane polarized its electrical field oscillation 
lies within a single plane and traces a sinusoidal curve along the direction of 
wave motion. Substances such as quartz and calcite are capable of splitting light 
into two waves whose planes of polarization are perpendicular to each other. 
Except in a specified direction, known as the optic axis, these waves have 
different velocities. One wave, the ordinary or O wave, travels at the same 


velocity in all directions and its electric field vibrations are always perpendicu- 
lar to the optic axis. The extraordinary or E wave has a velocity which is 


Optic axis Optic axis 


O vibration E ellipsoid 


E vibration v O sphere 
oa O sphere 
; 
a) E ellipsoid 
y y 
Calcite (-ve) Quartz (+ve) 


Fig. 1.9a. Ordinary (spherical) and extraordinary 
(ellipsoidal) wave surfaces in doubly refracting cal- 
cite and quartz. In calcite the E wave is faster than 
the O wave, except along the optic axis. In quartz 
the O wave is faster. The O vibrations are always 
perpendicular to the optic axis, and the O and E 
vibrations are always tangential to their wave sur- © 
faces 


* This section may be omitted at a first reading. 
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direction-dependent. Both ordinary and extraordinary light have their own 
refractive indices, and thus quartz and calcite are known as doubly refracting 
materials. When the ordinary light is faster, as in quartz, a crystal of the 
substance is defined as positive, but in calcite the extraordinary light is faster 
and its crystal is negative. The surfaces, spheres and ellipsoids, which are the 
loci of the values of the wave velocities in any direction are shown in fig. 1.9(a), 
and for a given direction the electric field vibrations of the separate waves are 


Plane polarized 


light normally 
incident 
O vibration 
Calcite 1 to plane of paper 
crystal a 
E vibration Optic 


axis 


Fig. 1.9b. Plane polarized light 

normally incident on a calcite 

crystal face cut parallel to its optic 

axis. The advance of the E wave 

over the O wave is equivalent to a 
gain in phase 


Calcite 


Crystal 
E (Optic axis) ee Gsiic asis 


Sinusoidal 
vibration of 


electric field E vibration 90° 
ahead in phase 


of O vibration 


Phase difference 
Causes rotation of 
resulting electric 
field vector 


Fig. 1.9¢c. The crystal of fig. 1.9c is thick enough to 

produce a phase gain of 77/2 radians in the E wave 

over the O wave. Wave recombination on leaving 
the crystal produces circularly polarized light 
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tangential to the surface of the sphere or ellipsoid as shown. Fig. 1.9(b) shows 
plane polarized light normally incident on a calcite crystal cut parallel to its © 
optic axis. Within the crystal the faster E wave has vibrations parallel to the 
optic axis, while the O wave vibrations are perpendicular to the plane of the 
paper. The velocity difference results in a phase gain of the E vibration over the 
O vibration which increases with the thickness of the crystal. Fig. 1.9(c) shows 
plane polarized light normally incident on the crystal of fig. 1.9(b) with its 
vibration at an angle of 45° to the optic axis. The crystal splits the vibration into 
equal E and O components, and for a given thickness the E wave emerges with 
a phase gain of 90° over the O component. Recombination of the two 
vibrations produces circularly polarized light, of which the electric field vector 
now traces a helix in the anticlockwise direction as shown. 


(2) Vibrations Having Different Frequencies (Lissajous Figures) 


When the frequencies of the two perpendicular simple harmonic vibrations are 
not equal the resulting motion becomes more complicated. The patterns which 
are traced are called Lissajous figures and examples of these are shown in fig. 
1.10 where the axial frequencies bear the simple ratios shown and 


8=$2-b1=5 


If the amplitudes of the vibrations are respectively a and b the resulting 


ps2 KAA 


Fig. 1.10. Simple Lissajous figures pro- 
duced by perpendicular simple harmonic 
motions of different angular frequencies 
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Lissajous figure will always be contained within the rectangle of sides 2a and 
2b. The sides of the rectangle will be tangential to the curve at a number of 
points and the ratio of the numbers of these tangential points along the x axis to 
those along the y axis is the inverse of the ratio of the corresponding 
frequencies (as indicated in fig. 1.10). 


Superposition of a Large Number n of Simple Harmonic Vibrations of Equal 
Amplitude a and Equal Successive Phase Difference 6 


Figure 1.11 shows the addition of n vectors of equal length a, each representing 
a simple harmonic vibration with a constant phase difference 6 from its 
neighbour. Two general physical situations are characterized by such a super- 
position. The first is met in Chapter 4 as a wave group problem where the phase 
difference 6 arises from a small frequency difference, 5w, between consecutive 
components / /The second appears in Chapter 10 where the intensity of optical 


aS, 


interference and diffraction patterns are considered. There, the superposed 


90°- 3 


Fig. 1.11. Vector superposition of a large number n of 
simple harmonic vibrations of equal amplitude a and equal 
successive phase difference 5. The amplitude of the resul- 
tant 

n6__ sin nd/2 

2 “ sin 8/2 


and its phase with respect to the first contribution is given 
bya =(n—1) 6/2 


R=2rsin 
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harmonic vibrations will have the same frequency but each component will 
have a constant phase difference from its neighbour because of the extra 
distance it has travelled. 

The figure displays the mathematical expression 


R cos (wt+a)=a cos wt+a cos (wt + 6)+a cos (wt + 25) 
+ ...+acos(wt+[n—1]6) 


where R is the magnitude of the resultant and a is its phase difference with 
respect to the first component a cos wt. 
Geometrically we see that each length 


6) 
a scr 


where r is the radius of the circle enclosing the (incomplete) polygon. 
From the isosceles triangle OAC the magnitude of the resultant 


nd sinnd/2 
EE a en te a 
os 2 sik B/? 


and its phase angle is seen to be 
a = OAB-OAC 
In the isosceles triangle OAC 


SAC=90°- " 

and in the isosceles triangle OAB 
3) 
OAB = 90°— 5 


SO 


2=(o0-8)-(00-%) 0-0) 


that is, half the phase difference between the first and the last contributions. 

Hence the resultant — 

sin nd/2 
sin 6/2 


We shall obtain the same result later in this chapter as an example on the use of 
exponential notation. 

For the moment let us examine the behaviour of the magnitude of the 
resultant 


R cos (wt+a)=a COS fot +(n-1)5| 


sin nd/2 
sin 6/2 
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which is not constant but depends on the value of 6. When n is very large 6 is 
very small and the polygon becomes an arc of the circle centre O, of length 
na = A, with R as the chord. Then 


6 no 
a= (n— tae 
and 
—— 
= 2 = ‘a 
Hence, in this limit, 
= qin nd/2 __ sin a nae a_A sin a 
sin 6/2 a/n a a 


The behaviour of A sina/a versus a is shown in fig. 1.12. The pattern is 
symmetric about the value a = 0 and is zero whenever sin a = 0 except ata > 0 


ro 


A A= : circumference 


Fig. 1.12. (a) Graph of A sin a/a versus a, showing the 
magnitude of the resultants for (b) a = 0; (c) a = 77/2; (d) 
a =7and(e)a=37/2 


that is, when sin a/a@ > 1. When a = 0, 6 = Oand the resultant of the n vectors is 
the straight line of length A, fig. 1.12(b). As 6 increases A becomes the arc of a 
circle until at a = 77/2 the first and last contributions are out of phase (2a = 7) 
and the arc A has become a semicircle of which the diameter is the resultant R 
fig. 1.12(c). A further increase in 6 increases @ and curls the constant length A 
into the circumference of a circle (a = 7) with a zero resultant, fig. 1.12(d). At 
a =37/2, fig. 1.12(e) the length A is now 3/2 times the circumference of a 
circle whose diameter is the amplitude of the first minimum. 


*Superposition of n Equal SHM Vectors of Length a with Random Phase 


When the phase difference between the successive vectors of the last section 


* This section may be omitted at a first reading. 
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may take random values @ between zero and 27 (measured from the x axis) 
the vector superposition and resultant R may be represented by fig. 1.13. 


x 


x 


Fig. 1.13. The resultant R = Vna of n vectors, 

each of length a, having random phase. This 

result is important in optical incoherence and in 

energy loss from waves from random dissipa- 
tion processes 


The components of R on the x and y axes are given by 


R, =a cos ¢, +a cos @2+a cos o3\. Ja COS @,, 


=a Y cos ¢; 
i=1 

and 

R,=a > sin ¢; 

i=1 

where 

R’=R+R; - 
Now 


r n n n 
COs 6) — a°| Pz cos” o;+ > cos ¢; cos 6,| 


i*~j 


i=1 j 


R2= a" 5 


In the typical term 2 cos ¢; cos ¢; of the double summation, cos ¢; and cos ¢; 
have random values between +1 and the averaged sum of sets of these 
products is effectively zero. 

The summation 


n 
¥ cos’ 6; =ncos’ 
i=1 


that is, the number of terms n times the average value cos” @ which is the 
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integrated value of cos’ @ over the interval zero to 27 divided by the total 
interval 277, or 
27 


2 1 P 1 _ 
COS =| COS @ dd ===sin d : 
27 0 - 
So 
. — na’ 
R,=a pa cos” ; = na’ cos” oF 5 5 
i=1 
and 
s ee; eae na° 
Ry= a” X sin” Q~; = na’ sin? oi= > 
giving 
R?=R?2+R?>=na’ @ 
Or 


R =na 


Thus the amplitude R of a system subjected to n equal simple harmonic 
motions of amplitude a with random phases is only Jna whereas, if the motions 
were all in phase R would equal na. 

Such a result illustrates a very important principle of random behaviour. 


(Problem 1.16) 


Applications 


(a) Incoherent sources in optics. The result above is directly applicable to the 
problem of coherence in optics. Light sources which are in phase are said to be 
coherent and this condition is essential for producing optical interference 
effects experimentally. If the amplitude of a light source is given by the quantity 
a its intensity is proportional to a*, n coherent sources have a resulting 
amplitude na and a total intensity n°a*. Incoherent sources have random 
phases, n such sources each of amplitude a have a resulting amplitude Vna and 
a total intensity of na’. 7) 

(b) Random processes and energy absorption. From our present point of view 
the importance of random behaviour is the contribution it makes to energy loss 
or absorption from waves moving through a medium. We shall meet this in all 
the waves we discuss. Random processes, for example collisions between 
particles in Brownian motion, are of great significance in physics. Diffusion, 
viscosity or frictional resistance and thermal conductivity are all the result of 
random collision processes. These energy dissipating phenomena represent the 
transport of mass, momentum and energy, and change only in the direction of 
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increasing disorder. They are known as ‘thermodynamically irreversible’ pro- 
cesses and are associated with the increase of entropy. Heat, for example, can 
flow only from a body at a higher temperature to one at a lower temperature. 
Using the earlier analysis where the length a is no longer a simple harmonic 
amplitude but is now the average distance a particle travels between random 
collisions (its mean free path), we see that after n such collisions (with, on 
average, equal time intervals between collisions) the particle will, on average, 
have travelled only a distance Vna from its position at time t =0, so that the 
distance travelled varies only with the square root of the time elapsed instead of 
being directly proportional to it. This is a feature of all random processes. 

Not all the particles of the system will have travelled a distance Vna but this 
distance is the most probable and represents a statistical average. 

Random behaviour is described by the diffusion equation (see the last section 
of Chapter 6) and a constant coefficient called the diffusivity of the process will 
always arise. The dimensions of a diffusivity are always length’/time and must 
be interpreted in terms of a characteristic distance of the process which varies 
only with the square root of time. 


Some Useful Mathematics 
The Exponential Series 


By a ‘natural process’ of growth or decay we mean a process in which a quantity 
changes by a constant fraction of itself in a given interval of space or time. A 5% 
per annum compound interest represents a natural growth law; attenuation 
processes in physics usually describe natural decay. 

The law is expressed differentially as 


aa br = to di 
eo eee roy te 


where N is the changing quantity, a is a constant and the positive and negative 
signs represent growth and decay respectively. The gradients dN/dx or dN/dt 
are therefore proportional to the value of N at which the gradient is measured. 

Integration yields N= Noe “ or N= Noe “ where No is the value at x or 
t = Q and e is the exponential or the base of natural logarithms. The exponential 
series is defined as 

5 x? x° x” 
e Pe Lag a ace eet oe 
and is shown graphically for positive and negative x in fig. 1.14. It is important 
to note that whatever the form of the index of the logarithmic base e, it is the 
power to which the base is raised, and is therefore always non-dimensional. 
Thus e“* is non-dimensional and a must have the dimensions of x_'. Writing 
(ax)” (ax)° 


e ie es a es 31 
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O 


Fig. 1.14. The behaviour of the exponen- 
tialseries y =e" and y=e * 


it follows immediately that 


oe) = ee fae 
dx —— 3! ee 


é (ax)? (ax) 
= al 1+ox+S + 31 +...| 
— a ee 
Similarly 
d° ax ax 
Faw J=a7e™. 


In this chapter we shall use d(e“')/dt=a e“ and d*(e“)/dt?=a*e™ ona 
number of occasions. 

By taking logarithms it is easily shown that e” e= 
log. e* +log.e” =x+y. 


et” since log. (e* e”) = 


The Notation i=Vv-—1 


The combination of the exponential series with the complex number notation 
i=V-1 is particularly convenient in physics. Here we shall show the 
mathematical convenience in expressing sine or cosine (oscillatory) behaviour 
in the form e’* =cos x +i sin x. 

In Chapter 2 we shall see the additional merit of 1 in its role of vector 


operator : 


The series representation of sin x is written 
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and that of cos x is 


2 x* x° 
ee 
Since 
i=vV-1,i° =-1,7° =-i 
etc., we have 
‘ = Gia fil tix)” 
= —_ 4+ ———— 4+ YH 
e 1+ix+ y aa 31 + A 
ree lee te 
= a res 
Z 4 3 5 
+ +i(x-2 +54 
ee <n: See 


=cosx+isin x 
We also see that 


d ix aoe Se : ‘ 
—(e~)=ie =icos x —sin x 
dx 
Often we shall represent a sine or cosine oscillation by the form e’* and recover 
the original form by taking that part of the solution preceded by i in the case of 
the sine, and the real part of the solution in the case of the cosine. 


Examples 


(1) In simple harmonic motion (¥+@°x =0) let us try the solution x= 
iwt 


ae’ e'® where a is aconstant length, and ¢ (and therefore e’”) is a constant. 


a oe : 
aX = iwa e'” e'® =jwx 

2 

d°x 5 

{ot ee ere 


Therefore 


x=a et ei? =¢ gumtts) 


=a cos (wt+d)+iasin(wtt+d) 
is a complete solution of ¥ +w°x =0. 


On page 5 we used the sine form of the solution; the cosine form is equally 
valid and merely involves an advance of 7/2 in the phase ¢. 


(2) 
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3 5 
xX 


ee ae aaa ee ee goers 
e -<e = 2i( x ait 5 SS 2i sin x 


(3) On page 20 we used a geometrical method to show that the resultant of 
the superposed harmonic vibrations 


a cos wt +a cos (wt +5) +a cos (wt+25)+ ... +a cos (wt+[n—1]8) 


= gL. os | + ("ah 
sin 6/2 = 2 


We can derive the same result using the complex exponential notation by 
expressing the series as the geometric progression 


i(wt+25) re i[wt+(n—1)8] 


ae +a c"'*9 + ae _.#¥ae 


=ae(1+e%+e7% +... +e") 
a eit & 
(1 >") ee ge 


sis sii Ss a 


a ifr {in—1)/216)Si0 n6/2 
sin 6/2 


abe cos { +(*)3}2 nd/2 
e * 2 sin 6/2 


where we have recovered the original cosine term from the complex exponen- 
tial notation. 


(Problem 1.17) 


(4) Suppose we represent a harmonic oscillation by the complex exponential 
form 
z=a a 


where a is the amplitude. Replacing i by —i defines the complex conjugate 


a —iwt 


2 =@c 


The use of this conjugate is discussed more fully in Chapter 2 but here we can 
note that the product of a complex quantity and its conjugate is always equal to 
the square of the amplitude for 


zz* = . eo = ue a’ oo a yg e? 


(Problem 1.18) 
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Damped Simple Harmonic Motion 


Initially we discussed the case of ideal simple harmonic motion where the total 
energy remained constant and the displacement followed a sine curve, appar- 
ently for an infinite time. In practice some energy is always dissipated by a 
resistive Or viscous process; for example, the amplitude of a freely swinging 
pendulum will always decay with time as energy is lost. The presence of 
resistance to motion means that another force is active, which is taken as being 
proportional to the velocity. Like the stiffness force it always acts in a direction 
opposite to that of the acceleration term (see fig. 1.15) and the new balance of 
forces, or equation of motion, becomes 


mxX = —SxX—Irx 


where r is the constant of proportionality and has the dimensions of force per 
unit of velocity. The presence of such a term will always result in energy loss. 


Frictional rx 
force 
Fig. 1.15. Simple harmonic motion system with a 
damping or frictional force rx acting against the 
direction of motion. The equation of motion is 
mx + rx +sx =0 


The problem now is to find the behaviour of the displacement x from the 
equation 
mx +rx+sx =0 (1.4) 


where the coefficients m, r and s are constant. 

When these coefficients are constant a solution of the form x = Ce™ can 
always be found. Obviously, since an exponential term is always nondimen- 
sional, C has the dimensions of x (a length, say) and @ has the dimensions of 
inverse time, T '. We shall see that there are three possible forms of this 
solution, each describing a different behaviour of the displacement x with time. 
In two of these solutions C appears explicitly as a constant length, but in the 
third case it takes the form 

C=A+Bt* 


* The number of constants allowed in the general solution of a differential equation is 
_always equal to the order (that is the highest differential coefficient) of the equation. 
The two values A and B are allowed because equation (1.4) is second order, The 
values of the constants are adjusted to satisfy the initial conditions. 
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where A is a length, B is a velocity and ¢ is a time, giving C the overall 
dimensions of a length, as we expect. From our point of view this case is not the 
most important. 

Taking C as a constant length gives x =aCe 
equation (1.4) may be rewritten 


Ce“(ma*+rat+s)=0 


at 


and <=a’Ce™, so that 


so that either 
x=Ce™“=0 (whichis trival) 
or 
ma’ +ra+s=O0 . 


Solving the quadratic equation in @ gives 


tS = 

© om 4m* m 
Note that r/2m and (s/ m)'’*, and therefore, a, all have the dimensions of 
inverse time, T ', which we expect from the form of e™. 
The displacement | can now be expressed as x =Ce 
where the bracket (r*/4m*—s/m) can be positive, zero or negative deeds 
ing on the relative magnitude of the two terms inside it. Each of these 
conditions gives one of the three possible solutions referred to earlier and each 
solution describes a particular kind of behaviour. We shall discuss these 
solutions in order of increasing significance from our point of view; the third 

solution is the one we shall concentrate upon throughout the rest of this book. 


The conditions are: 


—rt/2m+(r2/4m2— st 


(1) Bracket positive (r°>/4m*>s/m). Here the damping resistance term 
r>/4m* dominates the stiffness term s/m, and heavy damping results in a dead 
beat system. 

(2) Bracket zero (r?/4m* = s/m). The balance between the two terms results in 
a critically damped system. 


Neither (1) nor (2) gives oscillatory behaviour. 
(3) Bracket negative (r’/4m° <s/m). The system is lightly damped and gives 
oscillatory damped simple harmonic motion. 
Case 1. Heavy Damping 
Writing r/2m = p and (r7/4m?—s/m)'/* =4q, we can replace 

: x= 5 a eee ve 
by 

x=e "(C,e"+CQe *) 


where the C; s are arbitrary in value but have the same dimensions as C (note 
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that two separate values of C are allowed because the differential equation 
(1.4) is second order). 
If now F= C,+C, and G=C,— Cy, the displacement is given by 


ie 8 = S 
x=e n|(e" +e "4+ S(e"—e “| 


or 
x =e ”(F cosh gt+G sinh qt) 


This represents non-oscillatory behaviour, but the actual displacement will 
depend upon the initial (or boundary) conditions, that is, the value of x at time 
t=0. If x =0 at t=0 then F=0, and 


Z 
=a —/2m .- h r Ss ne 
x=Ge sin poy t 
m m 


Fig. 1.16 illustrates such behaviour when a heavily damped system is disturbed 
from equilibrium by a sudden impulse (that is, given a velocity at t= 0). It will 
Heavy damping = > 

4m 


Ss 
Mm 


r increasing 


Displacement 


Time 


Fig. 1.16. Non-oscillatory behaviour of 

damped simple harmonic system with 

heavy damping (where r°/4m*>s/m) 

after the system has been given an impulse 
from a rest position x = 0 


return to zero displacement quite slowly without oscillating about its equilib- 
rium position. More advanced mathematics shows that the value of the velocity 
dx/dt vanishes only once so that there is only one value of maximum displace- 
ment. 


(Problem 1.19) 


Case 2. Critical Damping (r7/4m7 = s/m) 


Using the notation of Case 1, we see that gq = 0 and that x = Ce ™. This is, in 
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fact, the limiting case of the behaviour of Case 1 as q changes from positive to 
negative. In this case the quadratic equation in a has equal roots, which, in a 
differential equation solution, demands that C must be written C= A+ Bt, 
where A is a constant length and B a given velocity which depends on the 
boundary conditions. It is easily verified that the value 


x=(A+Bte*"=(A+Bite™ 
satisfies mx +rx +sx =0 when r?/4m?=s/m. 


(Problem 1.20) 


Application to a Ballistic Galvanometer 


Critical damping is of practical importance in recording instruments such as 
ballistic galvanometers which experience sudden impulses and are required to 
return to zero displacement in the minimum time. Suppose such a galvano- 
meter has zero displacement at t = 0 and receives a quantity of electric charge 
which gives its light spot an initial velocity V over a linear scale. 

Then x =0 (so that A =0) and x = V at t=0. However, 


x=B[(-pthe "+e "]=Batt=0 
so that B = V and the complete solution is 
y= Vo” 


The maximum displacement x occurs when the instrument light spot comes 
to rest before returning to zero displacement. At maximum displacement 


x=Ve "(1—pt)=0 
thus giving (1— pt) =0, i.e. t=1/p. 


Displacement 


Critical 


@) f-2m Time 


r 


Fig. 1.17. Limiting case of non-oscillatory 
behaviour of damped simple harmonic sys- 
tem where r°/4m°* = s/m (critical damping) 
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At this time the displacement is therefore 


= _ 
x=Vte *=—e' 
p 


= ():368 = paces’ 


© 


r 


The curve of displacement versus time is shown in fig. 1.17; the return to zero in 
a critically damped system is reached in minimum time. 


Case 3. Damped Simple Harmonic Motion 


When r*/4m’ <s/m the damping is light, and this gives from the present point 
of view the most important kind of behaviour, oscillatory damped simple 
harmonic motion. 

The expression (r°*/4m’ —s/m)'’? is an imaginary quantity, the square root 
of a negative number, which can be rewritten 


+ ( r? sys i(2 r? _ 
4m> m = m 4m? 
2 


eee ee Fe 
a +i(—-—) (where i= V—1) 


so that the displacement 
x= C Pa Si PS peace bakes «al 


The bracket has the dimensions of inverse time, that is, of frequency, and can 
be written (s/ m—r’/4m’)'/* =@', so that the second exponential becomes 
e’’' = cos w't+isin w’t. This shows that the behaviour of the displacement x is 
oscillatory with a new frequency w'’<w=(s/m)'’”, the frequency of ideal 
simple harmonic motion. To compare the behaviour of the damped oscillator 
with the ideal case we should like to express the solution in a form similar to 
x = A sin (w't+ @) as in the ideal case, where w has been replaced by a’. 


We can do this by writing 
t= co e wee aver 
=e. ™(C, a fs. 2 eke : 


If we now choose 


and 
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where A and ¢ (and thus e’”) are constants which depend on the motion at 
t = 0, we find after substitution 


ae 
oa 
=Ae ™?" sin (w't+d) 


x= A 7 la os 


This procedure is equivalent to imposing the boundary condition x = A sin 
at t=0 upon the solution for x. The displacement therefore varies sinusoidally 
with time as in the case of simple harmonic motion, but now has a new 


frequency 
ee ( 5 r- ' 
ats m 4m? 


and its amplitude A is modified by the exponential term e 
decays with time. 

If x =0 at t=0 then ¢ = 0; fig. 1.18 shows the behaviour of x with time, its 
oscillations gradually decaying with the envelope of maximum amplitudes 
following the dotted curve e ’’™ The constant A is obviously the value to 
which the amplitude would have risen at the first maximum if no damping were 
present. 


end 2 . 
/2™ a term which 


Displacement 


Fig. 1.18. Damped oscillatory 
motion where s/m>r’/4m°. The 


amplitude decays with e *”, and 


the reduced angular frequency is 
given by w” =s/m—r°/4m* 


The presence of the force term rx in the equation of motion therefore 
introduces a loss of energy which causes the amplitude of oscillation to decay 
with time ase ”*”. 


(Problem 1.21) 
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Methods of Describing the Damping of an Oscillator 


Farlier in this chapter we saw that the energy of an oscillator is given by 
E= sma*w* = ssa’ 


that is, proportional to the square of its amplitude. 
We have just seen that, in the presence of a damping force rx the amplitude 
decays with time as 


Pes 2m 
so that the energy decay will be proportional to 
(eo #/ 2m ¥ 
that ise”. The larger the value of the damping force r the more rapid the 
decay of the amplitude and energy. Thus we can use the exponential factor to 
express the rates at which the amplitude and energy are reduced. 


(1) Logarithmic Decrement 


This measures the rate at which the amplitude dies away. Suppose in the 
expression 


x=Ae ™?™ sin (w't+d) 
we choose 
b= 1/2 
and we write 
x=Aye ”*" cos w't 
with x = Ay at t=0. Its behaviour will follow the curve in fig. 1.19. 


If the period of oscillation is tT’ where w’ = 27/7’ then one period later the 
amplitude is given by 


Aj aa Ao Se a 


so that 


where 
5 =~—7' = log. — 
— og £3 


is called the logarithmic decrement. It is the logarithm of the ratio of- two 
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amplitudes of oscillation which are separated by one period, the larger amp- 
litude being the numerator since e >I, 


Fig. 1.19. The logarithmic ratio of any two amplitudes one 
period apart is the logarithmic decrement, defined as 6 = 
loge (An/An+i) = 177 /2m 


Similarly 
Ao __ _r(27')/2m _ 28 
—=e =e 
A2 
and 
Ao _ gu 
7, 


Experimentally the value of 5 is best found by comparing amplitudes of 
oscillations which are separated by n periods. The graph of 


ii 


loge 


versus n for different values of n has a slope 6. 


(2) Relaxation Time or Modulus of Decay 


Another way of expressing the damping effect is by means of the time taken for 
the amplitude to decay to 


e '=0:368 
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of its original value Ao. This time is called the relaxation time or modulus of 
decay and the amplitude 


A; ae Ao Pe Koa ea Ao ao 


at a time t=2m/r. 

Measuring the natural decay in terms of the fraction e ' of the original value 
is a very common procedure in physics. The time for a natural decay process to 
reach zero is, of course, theoretically infinite. 


(Problem 1.22) 


(3) The Quality Factor or Q-value of a Damped Simple Harmonic Oscillator 


This measures the rate at which the energy decays. Since the decay of the 
amplitude is represented by 
A a= .e a ae 2m 


the decay of energy is proportional to 


“a =< Ao ge am? 
and may be written 


E= Eo oe 


where Ep is the energy value at t=0. 
The time for the energy E to decay to Ege ° is given by t= m/r seconds 
during which time the oscillator will have vibrated through w’m/r radians. 
We define the quality factor 


t 
@m 
Q=—— 
r 


as the number of radians through which the damped system oscillates as its 
energy decays to 


E=E,e° 


In general Q is very large so the damping resistance r is very small and 


so that 
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Thus we write, to a very close approximation, 


Wom 
q= 


r 


which is a constant of the damped system. 
Since r/m now equals wo/Q we can write 


E=E,e° ""'=E,e °°". 
The fact that Q is a constant (=w 9m/r) implies that the ratio 
energy stored in system 
energy lost per cycle 
is also a constant, for 


Q _@Wom Vom 
20 2ur r 


is the number of cycles (or complete oscillations) through which the system 
moves in decaying to 


E=E,ye" 
and if 
E=be 
the energy lost per cycle is 
1 


_ 
Vv 


-dE=—E dt=—E 
m m 


where dt = 1/v'=7’, the period of oscillation. 
Thus the ratio 


energy storedinsystem EF  vm_vom 


energy lost percycle —dE i r 


Q 


On 


In the next chapter we shall meet the same quality factor Q in two other 
roles, the first as a measure of the power absorption bandwidth of a damped 
oscillator driven near its resonant frequency and again as the factor by which 
the displacement of the oscillator is amplified at resonance. 


Example on the Q-value of a Damped Simple Harmonic Oscillator 


An electron in an atom which is freely radiating power behaves as a damped 
simple harmonic oscillator. 
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If the radiated power is given by P= q°w°x9/ 127€9c° watts at a wavelength 
of 0-6 microns (6000 A), show that the Q-value of the atom is about 10° and 
that its free radiation lifetime is about 10 * sec (the time for its energy to decay 
toe ' of its original value). 


q=1-:610 * coulombs 
1/47€)=9X 10° metres farad ' 
m.=9X10 ~’ kilograms 
c=3X10° metres sec ' 
X9 = Maximum amplitude of oscillation. 


The radiated power P is —v dE, where —dE is the energy loss per cycle, and the 
—— Be sae 
energy of the oscillator is given by EF =3m,w Xo. 

Thus QO =27E/—dE = vmm.w’x¢/P, and inserting the values above with 
w =2mv=27c/r, where the wavelength A is given, yields a Q value of 
~5x 10’. 

The relation Q = wt gives t, the radiation lifetime, a value of ~10 * sec. 


Energy Dissipation 
We have seen that the presence of the resistive force reduces the amplitude of 
oscillation with time as energy is dissipated. 
The total energy remains the sum of the kinetic and potential energies 
E =3mx" +358x° 
Now, however, dE/dt is not zero but negative because energy is lost, so that 


de « 


dt dt 


=x(—rx) for mx+rx+sx=0 


(5mx? +45x7) = x(mx + sx) 


i.e. dE/dt =—rx*, which is the rate of doing work against the frictional force 
(dimensions of force X velocity = force x distance/time). 


(Problems 1.23, 1.24) 


Damped SHM in an Electrical Circuit 


The force equation in the mechanical oscillator is replaced by the voltage 
equation in the electrical circuit of inductance, resistance and capacitance (fig. 
1.20). 

We have, therefore, 
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IR 
Fig. 1.20. Electrical circuit of inductance, capaci- - x 
tance and resistance capable of damped simple har- = 7 
_ monic oscillations. The sum of the voltages around Ye = 
the circuit is given from Kirchhoff’s law as es 
d/ q 
L-—+5i + == 
dt C : 


L vi +IR+2 e0 


OFT 


Lg +Rq er =0 
and by comparison with the solutions for x in the mechanical case we know 
immediately that the charge 
q=40 e@Ri/2L+(R2/4L2-1/LO)1/21 
which, for 1/LC>R*/4L’, gives oscillatory behaviour at a frequency 


drgidhsiaclRe: 
LG: AB" 


From the exponential decay term we see that R/L has the dimensions of 
inverse time T | or w, so that wL has the dimensions of R, that is, wL is 
measured in ohms. 

Similarly, since w* =1/LC, wl =1/C, so that 1/C is also measured in 
ohms. We shall use these results in the next chapter. 


(Problems 1.25, 1.26, 1.27) 


Problem 1.1 


The equation of motion 


F s 
mk =—sx with w*=— 
m 


applies directly to the system in Fig. 1.1(c). 

If the pendulum bob of fig. 1.1(a) is displaced a small distance x show that the stiffness 
(restoring force per unit distance) is mg/! and that w* = g// where g is the acceleration 
due to gravity. Now use the small angular displacement 6 instead of x and show that @ is 
the same. 


In fig. 1.1(b) the angular oscillations are rotational so the mass is replaced by the 
moment of inertia I of the disc and the stiffness by the restoring couple of the wire which 
is C per radian of angular displacement. Show that w* = I/c. 
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In fig. 1.1(d) show that the stiffness is 27/1 and that w? = 2T/Im. 


In fig. 1.1(e) show that the stiffness of the system is 2pg and that w* = 2g/1 where g is the 
acceleration due to gravity. 


In fig. 1.1(f) only the gas in the flask neck oscillates, behaving as a piston of mass pAI. If 
the pressure changes are calculated from the equation of state use the adiabatic relation 
pV” =constant and take logarithms to show that the pressure change in the flask is 


dV Ax 


dp =— YP, =~ WT, 


where x is the gas displacement in the neck. Hence show that w* = ypA/IpV. Note that 
yp is the stiffness of a gas (see Chapter 5). 


In fig. 1.1(g), if the cross-sectional area of the neck is A and the hydrometer is a distance 
x above its normal floating level, the restoring force depends on the volume of liquid 
displaced, (Archimedes’ principle). Show that w* = gpA/m. 


Check the dimensions of w” for each case. 


Problem 1.2 
Show by the choice of appropriate values for A and B in equation (1.2) that equally 
valid solutions for x are 


x=acos(at+?¢) 
x=asin (wt—?¢) 
x =acos (wt— ¢) 


and check that these solutions satisfy the equation 
¥+o°x =0 


Problem 1.3 


The pendulum in fig. 1.1(a) swings with a displacement amplitude a. If its starting point 
from rest is 


(a) x=+a 

(b) =—a 

(c) ve +a/V2 
(d) x=a/2 

(e) x=0 


find the different values of the phase constant ¢ for the solutions 


x=asin(wt+d) 
x=acos(ot+¢d) 
x=asin(wt—@¢) 
x=acos(wt—¢) 


Problem 1.4 


Show that the values of w” for the three simple harmonic oscillations (a), (b), (c) in the 
diagram are in the ratio 1:2: 4. 
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Problem 1.5 


The displacement of a simple harmonic oscillator is given by 


x=asin(wt+d) 


If the oscillation started at time t = 0 from a position x, with a velocity X = v) show that 
tan d = wX,/ Vo 
and 
a =(x2+v2/w7)'”” 
Problem 1.6 


A particle oscillates with simple harmonic motion along the x axis with a displacement 
amplitude a and spends a time dt in moving from x to x + dx. Show that the probability 
of finding it between x and x +dx is given by 


dx 


w(a2— x2)? 


(in wave mechanics such a probability is not zero for x >a). 


Problem 1.7 

Many identical simple harmonic oscillators are equally spaced along the x axis of a 
medium and a photograph shows that the locus of their displacements in the y direction 
is a sine curve. If the distance A separates oscillators which differ in phase by 27 radians 
what is the phase difference between two oscillators a distance x apart. 


Problem 1.8 


A mass stands on a platform which vibrates simple harmonically in a vertical direction at 
a frequency of 5 hertz. Show that the mass loses contact with the platform when the 
displacement exceeds 10° meters. 


Problem 1.9 


A mass M is suspended at the end of a spring of length / and stiffness s. If the mass of the 
spring is m and the velocity of an element dy of its length is proportional to its distance y 
from the fixed end of the spring, show that the kinetic energy of this element is 


7 (74)(Fe) 
a d = 
Fi Fe 
where v is the velocity of the suspended mass M. Hence, by integrating over the length 
of the spring, show that its total kinetic energy is ‘mv’ and, from the total energy of the 
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oscillating system, show that the frequency of oscillation is given by 
. s 
Taig i gaa aaa one 
M+m/3 


Problem 1.10 


The general form for the energy of a simple harmonic oscillator is 
E = mass (velocity)* +} stiffness (displacement)? 


Set up the energy equations for the oscillators in fig. 1.1(a), (b), (c), (d), (e), (f) and (g), 
and use the expression 
dE 
a = 
to derive the equation of motion in each case. 


Problem 1.11 

The displacement of a simple harmonic oscillator is given by x = a sin wt. If the values of 
the displacement x and the velocity x are plotted on perpendicular axes, eliminate f to 
show that the locus of the points (x, x) is an ellipse. Show that this ellipse represents a 
path of constant energy. 


Problem 1.12 


In Chapter 10 the intensity of the pattern when light from two slits interfere (Young’s 
experiment) will be seen to depend on the superposition of two simple harmonic 
oscillations of equal amplitude a and phase difference 5. Show that the intensity 


1 =R* =4a* cos’ 6/2 
Between what values does the intensity vary? 


Problem 1.13 


Carry out the process indicated in the text to derive equation (1.3) on page 15. 


Problem 1.14 


The co-ordinates of the displacement of a particle of mass m are given by 


0 


x=asinoat 
y=bcos wt 


Eliminate ¢ to show that the particle follows an elliptical path and show by adding its 
kinetic and potential energy at any position x, y that the ellipse is a path of constant 
energy equal to the sum of the separate energies of the simple harmonic vibrations. 

Prove that the quantity m(xy— yx) is also constant. What does this quantity rep- 
resent? 


Problem 1.15 


Two simple harmonic motions of the same frequency vibrate in directions perpendicular 
to each other along the x and y axes. A phase difference 


5 = ¢2.— 4, 


exists between them such that the principal axes of the resulting elliptical trace are 
inclined at an angle to the x and y axes. Show that the measurement of two separate 
values of x (or y) is sufficient to determine the phase difference. 
(Hint: use equation (1.3) and measure y(max), and y for x = 0.) 
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Problem 1.16 


There are 21 values sin ¢; in the set 
sin @, = +1, +0.9, +0.8...0. 


Take a random group of n values from this set and form the product 


Y sind » sin d; 

| iapntiite 2S" 

Show that the average value obtained for several such groups is negligible with respect 
to n/2. 


- Problem 1.17 
Use the method of example (3) (page 28) to show that 
a sin wt +a sin (wt + 8)+a sin (wt+26)+...+a sin[wt+(n— 1)5] 
(n— > 5|= nd/2 
2 sin 6/2 


=a sin jot 


Problem 1.18 


If we represent the sum of the series 
a cos wt+a cos (wt +8)+a cos (wt +25)+ ... +a cos[wtt+(n— 1)6] 
by the complex exponential form 
z=ae™(1+e%+e7> +... te”) 

show that 
y Pus nd/2 

sin? 6/2 
Problem 1.19 


The heavily damped simple harmonic system of fig. 1.16 is displaced a distance F from 
its equilibrium position and released from rest. Show that its displacement is given by 


a = 
x=Fe cosh (4-=) 
and sketch the value of its displacement versus time. 
Problem 1.20 
Verify that the solution 
x=(A+Bt)e 

satisfies the equation 

mx + rx + sx =0 
when 

r?/4m? = s/m. 
Problem 1.21 


Show that the boundary condition x = A cos @ at t=0 imposed upon the general 
solution 


x= eM (ee, giv! rs Gy et5 
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for damped simple harmonic motion, requires 
A. Pe 
os and 2 Ta : 


Problem 1.22 
A capacitance C with a charge q, at t=0 discharges through a resistance R. Use the 
voltage equation g/C + IR = 0 to show that the relaxation time of this process is RC 
seconds, that is, 


q=qe "*« 
(Note that t/ RC is non-dimensional.) 
Problem 1.23 
The frequency of a damped simple harmonic oscillator is given by 
ee ee 
<-S- eee, 
(a) If w6—w'*=10 °ws show that OQ =500 and that the logarithmic decrement 6 = 


a/500. 

(b) If w)=10° and m=10 ‘kilograms show that the stiffness of the system is 
100 newtons metre’', and that the resistive constant r is 2-10 ’ newton seconds 
metre’. 

(c) If the maximum displacement at t=0 is 10°-* metres show that the energy of the 
system is 5-10 ° joules and the decay to e ‘ of this value takes 0-5 milliseconds. 

(d) Show that the energy loss in the first cycle is 27 - 10 * joules. 


Problem 1.24 

Show that the fractional change in the resonant frequency wo(w6 = s/m) of a damped 
simple harmonic mechanical oscillator is ~(8Q’) ' where Q is the quality factor. 
Problem 1.25 

Show that the quality factor of an electrical LCR series circuit is Q=w,)L/R where 
ase t/LC 

Problem 1.26 


A plasma consists of an ionized gas of ions and electrons of equal number densities 
(n; =n, =n) having charges of opposite sign +e, and masses m; and m, respectively, 
where m;>m,. Relative displacement between the two species sets up a restoring 


4 
Bey 
{ 


hi 


++ +++ 4+ 4+ +4 
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electric field which returns the electrons to equilibrium, the ions being considered 
stationary. In the diagram a plasma slab of thickness / has all its electrons displaced a 
distance x to give a restoring electric field E = nex/€ , where €, is constant. Show that 
the restoring force per unit area on the electrons is xn7e*l/e€, and that they oscillate 
simple harmonically with angular frequency w= ne*/m,€o. This frequency is called the 
electron plasma frequency, and only those radio waves of frequency w>w, will 
propagate in such an ionized medium. Hence the reflection of such waves from the 
ionosphere. 


Problem 1.27 
A simple pendulum consists of a mass m at the end of a string of length / and performs 
small oscillations. The length is very slowly shortened whilst the pendulum oscillates 
many times at a constant amplitude /@ where 6 is very small. Show that if the length is 
changed by —AlI the work done is —mg Al (owing to the elevation of the position of 
equilibrium) together with an increase in the pendulum energy 

2 


6 =z 
AE = (me—— mid") Al 
where 67 is the average value of 6° during the shortening. If @ = 6) cos wt show that 


the energy of the pendulum at any instant may be written 


_ ml*w*65__ mls 
and hence show that 


E 24 Vv 


that is E/v, the ratio of the energy of the pendulum to its frequency of oscillation 
remains constant during the slowly changing process. (This constant ratio under slowly 
varying conditions is important in quantum theory where the constant is written as a 
multiple of Planck’s constant, h.) 


Summary of Important Results 


Simple Harmonic Oscillator (mass m, stiffness s, amplitude a) 
Equation of motion «+ wx =0 where w°=s/m 
Displacement x = a sin (wt+ d) 

Energy = 5 mx +5 sx? =4 mw a*= ; sa’ = constant 


Superposition (Amplitude and Phase) of two SHMs 

One-dimensional 

Equal w, different amplitudes, phase difference 6, resultant R where 
R*=ai+a3+2a,a> cos 6 
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Different w, equal amplitude, 
X=x,+x>,=a(sin w,t+sin wf) 


(w, +a )t (w2—w)t 
i C08 


= 2a sin 5 5 


Two-dimensional: perpendicular axes 
Equal w, different amplitude—giving general conic section 


x? y> 2xy iS 
— rT cos (2 — $1) =sin’(d2— 4) 


Qa; Az aj\a2 


(basis of optical polarization) 


Superposition of n SHM Vectors (equal amplitude a, 
constant successive phase difference 6) 


The resultant is R cos (wt+a), where 


sin n6/2 
sin 6/2 


and 
a =(n—1)6/2 


Important in optical diffraction and wave groups of many components 


Damped Simple Harmonic Motion 


Equation of motion mx + rx +sx =0 
Oscillations when 
2 
Ss r 
Sa eee 
m 4m 
—rt/2m 


Displacement x =Ae cos (w't+q@) where 


Z 
re S r 


2 
m 4m 


Amplitude Decay 


Logarithmic decrement 6—the logarithm of the ratio of two successive amp- 
litudes one period 7’ apart 
A 


5 = log, —* =— 
Se An+1 2m 
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Relaxation time 


Time for amplitude to decay to A = Aye ”*” 


= Ave ., that is, t=2m/r 


Energy Decay 


Quality factor Q is the number of radians during which energy decreases to 
E= Eo " 


Wom energy stored in system 
ae Fee es 
r energy lost per cycle 
r= Eo ——— = Eo — when O = Wot 
In damped SHM 


dE ae 
dt = (mx +sx)X = —rx° (work rate of resistive force) 


For equivalent expressions in electrical oscillators replace m by L, r by R and s 
by 1/C. Force equations become voltage equations. 


Chapter 2 


The Forced Oscillator 


The Operation of i upon a Vector 


We have already seen that a harmonic oscillation can be conveniently rep- 
resented by the form e”. In addition to its mathematical convenience i can also 
be used as a vector operator of physical significance. We say that when i 
precedes or operates on a vector the direction of that vector is turned through a 
positive angle (anticlockwise) of 7/2, i.e. i acting as an operator advances the 
phase of a vector by 90°. The operator —i rotates the vector clockwise by 7/2 
and retards its phase by 90°. The mathematics of i as an operator differs in no 
way from its use as V—1 and from now on it will play both roles. 

The vector r=a+ib is shown in fig. 2.1, where the direction of b is 
perpendicular to that of a because it is preceded by i. The magnitude or 
modulus of r is written 

r=|r|=(a°+b?)'”” 


and 
r =(a°+b*)=(a+ib)(a—ib) = rr*, 


where (a—ib) =r™ is defined as the complex conjugate of (a+ib), that is, the 
sign of i is changed. 
The vector r* = a—ib is also shown in fig. 2.1. 


r r=re® ae 
ib ir sin @ 
q rcos > 
x -ib -I7 SIN @ 
: z fre? 


Fig. 2.1. Vector representation using 1 operator 
and exponential index. Star superscript indicates 
complex conjugate where —ireplaces 1 
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The vector r can be written as a product of its magnitude r (scalar quantity) 
and its phase or direction in the form (fig. 2.1) 


r=re®=r(cos¢+isin d) 
=a+ib 


showing that a=rcos ¢ and b=rsin @. 
It follows that 


cos d = = owen 
r (a’+b’)'” 
and 
b 

Sas dca 

giving tan @ = b/a. 
Similarly 
r*=re '*=r(cos d—isin d) 
cos d is sin d oe and tang ae (fig: 2.1) 
r r a 

Vector form of Ohm’s Law 


Ohm’s Law is first met as the scalar relation V= JR, where V is the voltage 
across the resistance R and IJ is the current through it. Its scalar form states that 
the voltage and current are always in phase. Both will follow a sin (wt+ @) or a 
cos (wt+@) curve, and the value of ¢ will be the same for both voltage and 
current. 

However the presence of either or both of the other two electrical compo- 
nents, inductance L and capacitance C, will introduce a phase difference 
between voltage and current, and Ohm’s Law takes the vector form 


V=IZ., 


Fig. 2.2a. An electrical forced oscillator. 

The voltage V, is applied to the series 

LCR circuit giving V,=LdI/dt+ 
IR+q/C 
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where Z,, called the impedance, replaces the resistance, and is the vector sum of 
the effective resistances of R, L, and C in the circuit. 

When an alternating voltage V, of frequency w is applied across a resistance, 
inductance and condenser in series as in fig. 2.2a, the balance of voltages is 
given by 


dI 
V, =IR+L—+4/C 


dt 
and the current through the circuit is given by I = Ip e’’. The voltage across the 
inductance | 
| ae: or 
Vi = ooh = a Pink ew = iwL I, ee” =ivlI 


But @L, as we saw at the end of the last chapter, has the dimensions of ohms, 
being the value of the effective resistance presented by an inductance L to a 
current of frequency w. The product wLI with dimensions of ohms times 
current, i.e. volts, is preceded by i; this tells us that the phase of the voltage 
across the inductance is 90° ahead of that of the current through the circuit. 

Similarly the voltage across the condenser is 


Se | 1 te. 1 
fac | far=ch | gad * seppeg aay o 
(since 1/i=-—i). 

Again 1/wC, measured in ohms, is the value of the effective resistance 
presented by the condenser to the current of frequency w. Now however, the 
voltage I/wC across the condenser is preceded by —i and therefore lags the 
current by 90°. The voltage and current across the resistance are in phase and 
fig. 2.2b shows that the vector form of Ohm’s Law may be written V=IZ, =I 
[R +i(@L —1/@C)], where the impedance Z, = R+i(wL —1/wC). The quan- 
tities wl and 1/wC are called reactances because they introduce a phase 
relationship as well as an effective resistance, and the bracket (wL —1/wC) is 
often written X,, the reactive component of Z,. 


t | 
z 
4 lad 


Fig. 2.2b. Vector addition of resistance and reactances to give the 
electrical impedance Z, = R +i(wL —1/wC) 


The magnitude, in ohms, i.e. the value of the impedance, is 


: 1 25 1/2 
== aa Leas 
oe [R (wl =) 
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and the vector Z, may be represented by its magnitude and phase as 


Z.-Z,.e* =Z, (cos ¢ +isin ) 


so that 
R 
eel wee 3, sine 
and 
tang=X,./R 


where ¢ is the phase difference between the total voltage across the circuit and 
the current through it. 

The value of ¢ can be positive or negative depending on the relative value of 
wL and 1/wC: when wl >1/aC, ¢ is positive, but the frequency dependence 
of the components shows that @ can change both sign and size. 

The magnitude of Z, is also frequency dependent and has its minimum value 
Z. = R when owL = 1/@C. 


The Impedance of a Mechanical Circuit 


Exactly similar arguments hold when we consider not an electrical oscillator 
but a mechanical circuit having mass, stiffness and resistance. 

The mechanical impedance is defined as the Ae required to produce unit 
velocity in the oscillator, i.e. Z,, =F/v or F= 

Immediately we can write Tome nical epedance as 


; S : 
ZLin= r+i(am—=) =r+1X,, 
Ww 


where 


and 
tan @ = X,,/r 


o@ being the phase difference Rie the force and the velocity. The mag- 
nitude of Z,, =[r°+(@m—s/)” Zig 

Mass, like inductance, produces a positive reactance, and the stiffness 
behaves in exactly the same way as the capacitance. 


Behaviour of a Forced Oscillator 


We are now in a position to discuss the physical behaviour of a mechanical 
oscillator of mass m, stiffness s and resistance r being driven by an alternating 
force Fy cos wt, where Fo is the amplitude of the force (fig. 2.3). The equivalent 
electrical oscillator would be an alternating voltage Vo cos wt applied to the 
circuit of inductance L, capacitance C and resistance R in fig. 2.2a. 

The mechanical equation of motion, i.e., the dynamic balance of forces, is 
given by 


mx + rx + sx = Fo cos wt 
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Fig. 2.3. Mechanical forced oscillator with 
force Fo cos wt applied to damped mechan- 
ical circuit of fig. 1.15 


and the voltage equation in the electrical case is 
Lg+Rq+q/C= Vocos wt 


We shall analyse the behaviour of the mechanical system but the analysis fits 
the electrical oscillator equally well. 

The complete solution for x in the equation of motion consists of two terms: 

(1) a ‘transient’ term which dies away with time and is, in fact, the solution to 
the equation mx + rx + sx = O discussed in Chapter 1. This contributes the term 

x= ey — Pe aoc ee sa se 
which decays with e ”*”. The second term 

(2) is called the ‘steady state’ term, and describes the behaviour of the 
oscillator after the transient term has died away. 

Both terms contribute to the solution initially, but for the moment we shall 
concentrate on the ‘steady state’ term which describes the ultimate behaviour 
of the oscillator. 

To do this we shall rewrite the force equation in vector form and represent 
cos wt bye’ as follows: 

mk+rx+sx=Fye” (2.1) 


Solving for the vector x will give both its magnitude and phase with respect to 
the driving force Fp e“’. Initially, let us try the solution x = A e“’, where A may 
be complex, so that it may have components in and out of phase with the driving 
force. 

The velocity 


xX=iwAe™” =iwx 
so that 


%=i'w x=—-wx 
and equation (2.1) becomes 
(-Aw’m+iwAr+As) ee” = Fy ei” 
which is true for all t when 


= Fo 
ior +(s —w°m) 
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or, after multiplying numerator and denominator by —1 


= —1Fo = —iFo 
wlrt+i(wm—s/w)| wZy, 
Hence 
F iwt . iwt 
sk a 7 oe 
woLm oz." 
oe —1iFo ae 
woZm 
where 


Zn =[r'+(@m agent ht 


This vector form of the steady state behaviour of x gives three pieces of 
information and completely defines the magnitude of the displacement x and 
its phase with respect to the driving force after the transient term dies away. It 
tells us 


(1) that the phase difference ¢ exists between x and the force because of the 
reactive part (wm — s/w) of the mechanical impedance. 

(2) that an extra difference is introduced by the factor —i and even if @ were 
zero the displacement x would lag the force Fo cos wt by 90°. 

(3) that the maximum amplitude of the displacement x is Fo/wZ,,. We see 
that this is dimensionally correct because the velocity x/t has dimensions 
F o/ ai 


Having used Fe” to represent its real part Fo cos wt, we now take the real 
part of the solution 
—iF a 
{SS 
woZm 


to obtain the actual value of x. (If the force had been Fo sin wt, we would now 
take that part of x preceded by i.) 


Now 

eae Fo (wt) 
WZ en 
LF, 

< [cos (wt —d)+isin (wt—¢)| 
OZ mn 
iFo i 

= ————— —g)+ — 
oZ,. cos (wt— ) aa sin (wt — d) 
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The value of x resulting from Fo cos wt is therefore 


Fo 


wZm 


x= sin (wt— d) 

[the value of x resulting from Fo sin wt would be —Fy cos (wt $)/@Zm |. 
Note that both of these solutions satisfy the requirement that the total phase 

difference between displacement and force is ¢ plus the — 7/2 term introduced 

by the —i factor. When ¢@ = 0 the displacement x = Fo sin wt/wZ,,, lags the force 


Fo cos wt by exactly 90°. 
To find the velocity of the forced oscillation in the steady state we write 
LS ae (—iF») i(wt—¢) | 
vV=x= (iw) — e 
a Fo i(wt—¢) 
ay 


We see immediately that 


(1) there is no preceding i factor so that the velocity v and the force differ in 
phase only by ¢, and when ¢ = 0 the velocity and force are in phase. 

(2) the amplitude of the velocity is Fo/Z,,, which we expect from the 
definition of mechanical impedance Z,,, = F/v. 


Again we take the real part of the vector expression for the velocity, which 
will correspond to the real part of the force Foe”. This is 
F 
v =F 00s (wt— 9) 
Thus the velocity is always exactly 90° ahead of the displacement in phase and 


differs from the force only by a phase angle ¢, where 


wm—s/w X, 
apie PA © dhe 
r r 


so that a force Fo cos wt gives a displacement 


F 
Zz sin (wt —) 


r= 
@ 


and a velocity 


v =F" cos (wt—). 


m 


(Problems 2.1, 2.2, 2.3, 2.4) 


56 The Physics of Vibrations and Waves 


Behaviour of Velocity v in Magnitude and Phase versus Driving Force 
Frequency w 


The velocity amplitude is 
Fo _ Fo 
Zn [r+(wm—s/w)}/* 


so that the magnitude of the velocity will vary with the frequency w because Z,,, 
is frequency dependent. 


[on 


Velocity 


es 


2 
w= (s/m) 


Fig. 2.4. Velocity of forced oscillator versus 
driving frequency w. Maximum velocity Umax = 
F/ratwo=s/m 


At low frequencies, the term —s/w is the largest term in Z,, and the 
impedance is said to be stiffness controlled. At high frequencies wm is the 
dominant term and the impedance is mass controlled. At a frequency wo where 
wom = s/wo, the impedance has its minimum value Z,,, = r and is a real quantity 
with zero reactance. 

The velocity Fo/Z,, then has its maximum value v = Fo/r, and wo is said to be 
the frequency of velocity resonance. Note that tan ¢ = 0 at wo, the velocity and 
force being in phase. 

The variation of the magnitude of the velocity with driving frequency, «, is 
shown in fig. 2.4, the height and sharpness of the peak at resonance depending 
on r, which is the only effective term of Z,, at wo. 

The expression 


F 
D =7 008 (wt—d) 
where 


wm — S/@ 
ip 
r 


The Forced Oscillator 57 


shows that for positive @, that is, am > s/w, the velocity v will lag the force 
because —@ appears in the argument of the cosine. When the driving force 
frequency w is very high and w > ©, then ¢ > 90° and the velocity lags the force 
by that amount. 

When wm <s/w, ¢ is negative, the velocity is ahead of the force in phase, 
and at low driving frequencies as w > 0 the term s/w > 0 and ¢ > —90°. 

Thus at low frequencies the velocity leads the force (¢ negative) and at high 
frequencies the velocity lags the force (@ positive). 

At the frequency wo, however, wom = s/w and ¢ = 0, so that velocity and 
force are in phase. Fig. 2.5 shows the variation of ¢ with @ for the velocity, the 
actual shape of the curves depending upon the value of r. 


v lags F 


_ 


NIE 


Phase angle 
¢ (radians) 
between 
v and F 


r increasing 


v and Ff 
in phase 


os vy leads F 
Fig. 2.5. Variation of phase angle @ 
versus driving frequency, where @ is 
the phase angle between the velocity of 
the forced oscillator and the driving 
force. @=0 at velocity resonance. 
Each curve represents a fixed resis- 
tance value 


(Problem 2.5) 


Behaviour of Displacement versus Driving Force Frequency w 
The phase of the displacement 


eee 
7 sin (wt—¢) 


WLm 


x= 


is at all times exactly 90° behind that of the velocity. Whilst the graph of @ 
versus w remains the same, the total phase difference between the displace- 
ment and the force involves the extra 90° retardation introduced by the —i 
operator. Thus at very low frequencies, where @¢ =—7/2 radians and the 
velocity leads the force, the displacement and the force are in phase as we 
should expect. At high frequencies the displacement lags the force by 7 radians 
and is exactly out of phase, so that the curve showing the phase angle between 
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the displacement and the force is equivalent to the @ versus curve, displaced 
by an amount equal to 7/2 radians. This is shown in fig. 2.6. 


x lags F 


mia 


Total phase r increasing 
angle (radians) Phase angle 
between _7 O adian 
xandF * ae : 
wv 
. = 
x and F in phase ; 


Fig. 2.6. Variation of total phase angle between displacement 
and driving force versus driving frequency w. The total phase 
angle is — @ — 77/2 radians 


a amplitude of the displacement x = Fo/wZ,,, and at low frequencies 
Zm =[r?> +(wm—s/w) 21/2 _5 s/@, so that x ~ ~ Fo/(ws/w) = Fo/s. 

At high frequencies Z,,, > wm, so that x ~ ~ Fy/(w*m), which tends to zero as w 
becomes very large. At very high frequencies, therefore, the displacement 
amplitude is almost zero because of — mass-controlled or inertial effect. 

The velocity resonance occurs at wo = s/m, where the denominator Z,, of the 
velocity amplitude is a minimum, but the displacement resonance will occur, 
since x = (Fo/wZ,,) sin (wt), when the denominator wZ,, iS a minimum. 
This takes place when 


2 = at +(am— s/w) ]” =0 
dw dw 


i.e. when 

2wr?+4wm(w*m—s)=0 
or 

2w[r7+2m(@°m—s)]=0 
so that either 


w =0 
or 
2 2 
— S r 2 r 
friss oe 5 aps es 
m 2m 2m 


Thus the displacement resonance occurs at a frequency slightly less than wo, 
the frequency of velocity resonance. For a small damping constant r or a large 
mass m these two resonances, for all practical purposes, occur at the frequency 
Wo. 
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Fig. 2.7. Variation of the displacement of 
a forced oscillator versus driving force 
frequency w for various values of r 


At the displacement resonance frequency 
2 


(: r = 
wo =|—— 
m 2m? 


the maximum displacement 
Xmax — Fo/o'r 


where 


The maximum value of the displacement is given by 


Fo 
Xmax — 
(@Zm)min 


and inserting the value w = (wo—r°/2m”)'”” in the denominator gives the value 


Xmax = Fo/w'r, where w” = wo—r’/4m’. | 

SiNC€ X max = Fo/w'r at resonance, the amplitude at resonance is kept low by 
increasing r and the variation of x with w for different values of r is shown in fig. 
2.7. A negligible value of r produces a large amplification at resonance: this is 
the basis of high selectivity in a tuned radio circuit (see the section in this 
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chapter on Q as an amplification factor). Keeping the resonance amplitude low — 
is the principle of vibration insulation. 


(Problems 2.6 and 2.7) 


Problem on Vibration Insulation 


A typical vibration insulator is shown in fig. 2.8. A heavy base is supported ona 
vibrating floor by a spring system of stiffness s and viscous resistance r 
(represented by a dashpot). The insulator will generally operate at the mass 
controlled end of the frequency spectrum and the resonant frequency is 
designed to be lower than the range of frequencies likely to be met. Suppose the 
vertical vibration of the floor is given by. x = A cos wt about its equilibrium 
position and y is the corresponding vertical displacement of the base about its 
rest position. The function of the insulator is to keep the ratio y/A toa 
minimum. 


Heavy base 
y! Equilibrium 
oem eet ee! ———=—== rest position 
{ of base 


Vibrating floor 


x=Acos wf 


Fixed reference level 


Fig. 2.8. Vibration insulator. A heavy base supported by a spring and 
viscous dashpot system on a vibrating floor 


The equation of motion is given by 
my =—r(y—x)—s(y—x) 
which, if y —x = X, becomes 
mX+rX+sX =—mx = mAw’ cos wt 


= Fo cos wt 
where 
Fo >= mAw- 
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Use the steady state solution of X to show that 


y= : sin (wt—@)+A cos wt 
WZm 


and (noting that y is the superposition of two harmonic components with a 
constant phase difference) show that 


es Pers die 
A ve 
where 
Z? =r? +(wm—s/w) 
Note that 


2s 
Ymax 4 if as” on 
m 

so that s/m should be as low as possible to give protection against a given 


frequency w. 
(a) Show that 


max 2 
ba 7 =1 for w= = 
(b) Show that 
Ymax 2s 


<i for o*>— 
m 


(c) Show that if @*=s/m then ymax/A >1 but that the damping term r is 
helpful in keeping the motion of the base to a reasonably low level. 
(d) Show that if #7 >2s/m then ymax/A <1 but damping is detrimental. 


Significance of the Two Components of the Displacement Curve 


Any single curve of fig. 2.7 is the superposition of the two component curves (a) 
and (b) in fig. 2.9, for the displacement x may be rewritten 


© sin (wt—) = at 


x= = oZ,. (sin wt cos d —cos wt sin d) 
or, since 
cos & “Ss and sing => 
as 
Font Fo Xm 
sos a i ae cay wt 
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Fig. 2.9. A typical curve of fig. 2.7 resolved into its ‘anti-phase’ 

component (curve a) and its ‘90° out of phase’ component (curve b). 

Curve b represents the resistive fraction of the impedance and curve a 

the reactive fraction. Curve b corresponds to absorption and curve a to 

anomalous dispersion of an electromagnetic wave in a medium having 

an atomic or molecular resonant frequency equal to the frequency of 
the wave 


The cos wt component (with a negative sign) is exactly anti phase with respect 
to the driving force Fo cos wt. Its amplitude, plotted as curve (a) may be 
expressed as 

Fo A Fom(wo—-’) 

w Z., m(w2—@°) +@*r 
where wo=s/m and wo is the frequency of velocity resonance. 


The sin wt component lags the driving force Fo cos wt by 90°. Its amplitude 
plotted as curve (b) becomes 


Fo r Fowr 
ae poe FES ae. ae 
wrtxX, m(wo-w)+or 


We see immediately that curve (a) is zero and curve (b) is a maximum at wo but 
that they combine to give a maximum at w where 


the resonant frequency for amplitude displacement. 
These curves are particularly familiar in the study of optical dispersion where 
the forced oscillator is an electron in an atom and the driving force is the 
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oscillating field vector of an electromagnetic wave of frequency w. When w is 
the resonant frequency of the electron in the atom, the atom absorbs a large 
amount of energy from the electromagnetic wave and curve (b) is the shape of 
the characteristic absorption curve. Note that curve (b) represents the dissipat- 
ing or absorbing fraction of the impedance 


r 
Fs — 
(r a ae 


and that part of the displacement which lags the driving force by 90°. The 
velocity associated with this component will therefore be in phase with the 
driving force and it is this part of the velocity which appears in the energy loss 
term rx° due to the resistance of the oscillator and which gives rise to 
absorption. 

On the other hand, curve (a) represents the reactive or energy storing 
fraction of the impedance 


Ma PPM en 2 
rte iy 


and the reactive components in a medium determine the velocity of the waves 
in the medium which in turn governs the refractive index n. In fact, curve (a) is a 
graph of the value of n* in a region of anomalous dispersion where the w axis 
represents the value n = 1. These regions occur at every resonant frequency of 
the constituent atoms of the medium. We shall return to this topic later in the 
book. 


(Problems 2.8, 2.9, and 2.10) 


Power Supplied to Oscillator by the Driving Force 


In order to maintain the steady state oscillations of the system the driving force 
must replace the energy -lost in each cycle because of the presence of the 
resistance. We shall now derive the most important result that: 

‘in the steady state the amplitude and phase of a driven oscillator adjust 
themselves so that the average power supplied by the driving force just — 
that being dissipated by the frictional force’. 

The instantaneous power P supplied is equal to the product of the instantane- 
ous driving force and the instantaneous velocity, that is, 


F, 
P= Fo cos wt cos (wt — d) 
2 


= ra COS wt cos (wt— d) 


m 
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The average power 


_ total work per oscillation 


av 


oscillation period 


T 
P.y = | TT where T = oscillation period 
O 


2 


F 7 
O 
= cos wt cos (wt— d) dt 
al «a-%) 
2 T 
=— [ [cos* wt cos @ + cos wt sin wt sin d) dt 
es 9 O 
2 
O 
= Cos 
Pe a . 
because 
a 
| cos wt Xsin wt dt =0 
O 
and 


- 
_| cos” wt dt=5 
0 


The power supplied by the driving force is not stored in the system, but 
dissipated as work expended in moving the system against the frictional force 
rx. 

The rate of working (instantaneous power) by the frictional force is 

2 
0 


F 
(rx) xX = 1X7 = ae cos’ (wt —) 


and the average value of this over one period of oscillation 


Ir, . 1 Fo 
3773 z 4 for ZA sd 


This proves the initial statement that the power supplied equals the power 
dissipated. 

In an electrical circuit the power is given by VI cos ¢, where V and J are the 
instantaneous r.m.s. values of voltage and current and cos ¢ is known as the 
power factor. 


*3 4 


V V 
VI cos 6 = 008 b= 55 


cos d 
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since 


(Problem 2.11) 


Variation of P,, with w. Absorption Resonance Curve 
Returning to the mechanical case, we see that the average power supplied 
Py = (Fo/2Zm) COS 


is a maximum when cos ¢=1, that is, when 6=0 and wm-—s/w=0 or 
Wo = s/m. The force and the velocity are then in phase and Z,,, has its minimum 
value of r. Thus 


P,, (maximum) = F6/2r 


A graph of P,, versus w, the frequency of the driving force, is shown in fig. 
2.10. Like the curve of displacement versus w, this graph measures the 
response of the oscillator; the sharpness of its peak at resonance is also 
determined by the value of the damping constant r, which is the only term 
remaining in Z,, at the resonance frequency wo. The peak occurs at the 
frequency of velocity resonance when the power absorbed by the system from 
the driving force is a maximum; this curve is known as the absorption curve of 
the oscillator (it is similar to curve (b) of fig. 2.9). 


The Q-value in Terms of the Resonance Absorption Bandwidth 


In the last chapter we discussed the quality factor of an oscillator system in 
terms of energy decay. We may derive the same parameter in terms of the curve 
of fig. 2.10, where the sharpness of the resonance is precisely defined by the 
ratio 

Wo 


Or 


W2— W1 


where w> and w, are those frequencies at which the power supplied 
Py, =4P,, (maximum) 


The frequency difference w— a, is often called the bandwidth. 
Now 
Pay = rFo/2Z,,=5P.y (maximum) =3F/2r 


when 
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Fig. 2.10. Graph of average power versus w supplied 

to an oscillator by the driving force. Bandwidth w— 

w, of resonance curve defines response in terms of the 
quality factor, Q = wo/(w2—w ), where wo=s/m 


that is, when 
r+X2=2r or X,,=om-—s/w=+r. 
If @> >a, then 
wm —Ss/w.=+r 
and 
wim—s/w,=—r 
Eliminating s between these equations gives 


W>—-W,=r/m 


so that 
Q=waom/r 
Note that @, = @)—r/2m and #)=@)+r/2m are the two significant frequen- 
cies in fig. 2.9. The quality factor of an electrical circuit is given by 
WoL 


GER: 


where 
wo=(LC) 
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Note that for high values of Q, where the damping constant r is small, the 
frequency w’ used in the last chapter to define Q = w'm/r moves very close to 
the frequency wo, and the two definitions of Q become equivalent to each other 
and to the third definition we meet in the next section. 
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Fig. 2.11. Curves of fig. 2.7 now given in terms of 

the quality factor Q of the system, where Q is 

amplification at resonance of low frequency 
response x = F)/s 


The Q Value as an Amplification Factor 


We have seen that the value of the displacement at resonance is given by 


2 S r 


F 
,. where w’ Sie cee 


‘s 
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At low frequencies (w > 0) the displacement has a value Ay = Fo/s, so that 


2 a eee 
eres! See: me = ba Se Be SPE 
Ao wr Fo r[wo—r /4m‘] 
+2 2 
Wom Q 


"Pll =140 |) ae 
Hence: 


, Q x 
Ay  [1-1/40*]'”” 


di+4]~o 


for large Q. 

Thus the displacement at low frequencies is amplified by a factor of Q at 
displacement resonance. 

Figure 2.7 is now shown as fig. 2.11 where the Q values have been attached 
to each curve. In tuning radio circuits the Q-value is used as a measure of 
selectivity, where the sharpness of response allows a signal to be obtained free 
from interference from signals at nearby frequencies. In conventional radio 
circuits at frequencies of one megacycle, Q-values are of the order of a few 
hundred; at higher radio frequencies resonant copper cavities have Q-values of 
about 30,000 and piezo-electric crystals can produce Q-values of 500,000. 
Optical absorption in crystals and nuclear magnetic resonances are often 
described in terms of Q-values. The Mossbauer effect in nuclear physics 
involves a Q value of 10°”. 


The Effect of the Transient Term 


Throughout this chapter we have considered only the steady state behaviour 
without accounting for the transient term mentioned on page 53. This term 
makes an initial contribution to the total displacement but decays with time 
as e /*" Its effect is best displayed by considering the vector sum of the 
transient and steady state components. 

The steady state term may be represented by a vector of constant length 
rotating anticlockwise at the angular velocity w of the driving force. The 
vector tip traces a circle. Upon this is superposed the transient term vector 
of diminishing length which rotates anti clockwise with angular velocity 
w'=(s/m—r?/4m7)'”. Its tip traces a contracting spiral. 

The locus of the magnitude of the vector sum of these terms is the envelope 
of the varying amplitudes of the oscillator. This envelope modulates the steady 
state oscillations of frequency w at a frequency which depends upon w’ and 
the relative phase between wt and w't. 

Thus in fig. 2.12(a) where the total oscillator displacement is zero at time 
t = 0 we have the steady state and transient vectors equal and opposite in fig. 
2.12(b) but because w #w’ the relative phase between the vectors will change 
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Fig. 2.12. (a) The steady state oscillation (heavy curve) is 
modulated by the transient which decays exponentially with 
time. (b) In the vector diagram of (b) OB is the constant 
length steady state vector and BA; is the transient vector. 
Each vector rotates anti-clockwise with its own angular veloc- 
ity. At t=0 the vectors OB and BA» are equal and opposite 
on the horizontal axis and their vector sum is zero. At sub- 
sequent times the total amplitude is the length of OA; which 
changes as A traces a contracting spiral around B. The points 
Ai, Az, A3 and Ag indicate how the amplitude is modified 
in (a) 


as the transient term decays. The vector tip of the transient term is shown as 
the dotted spiral and the total amplitude assumes the varying lengths OA, 
OA), OA;3, OAg, etc. 
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(Problems 2.12, 2.13, 2.14, 2.15, 2.16, 2.17 and 2.18) 
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Problem 2.1 


Show, if F, e”’ represents F, sin wt in the vector form of the equation of motion for the 
forced oscillator that 
Fo 


=—_— Ae 
x poz cos (wt — d) 


and the velocity 


F 
v => sin (wt ~$) 


m 


Problem 2.2 


The displacement of a forced oscillator is zero at time t= 0 and its rate of growth is 
governed by the rate of decay of the transient term. If this term decays to e “ of its 
original value in a time ft show that, for small damping, the average rate of growth of the 
oscillations is given by xo/t = Fo/2kmw where Xo is the maximum steady state displace- 
ment, F, is the force amplitude and w5=s/m. 


Problem 2.3 


The equation m<+sx =F) sin wt describes the motion of an undamped simple har- 
monic oscillator driven by a force of frequency w. Show, by solving the equation in 
vector form, that the steady state solution is given by 
Fo sin wt <a 
+ We a = 
m(a@o-—@°) m 
Sketch the behaviour of x versus w and note that the change of sign as w passes through 
W, defines a phase change of 7 radians in the displacement. Now show that the general 
solution for the displacement is given by 
_ Fosin at 


= = +A COS Wot +B sin wot 
m(wo—@°) 


where A and B are constant. 


Problem 2.4 | 
In problem 2.3, if x = x =0 at t=0 show that 
Fo 1 CP ae ) 
3 i= sitet om 
hie 


and, by writing w = w)+Aw where Aw is small, show that, near resonance, 


i ae 
x= (sin Wot — Wot COS wot) 
mo 


z 

0 
Sketch this behaviour, noting that the second term increases with time, allowing the 
oscillations to grow (rescnance between free and forced oscillations). 


Problem 2.5 

What is the general expression for the acceleration v of a simple damped mechanical 
oscillator driven by a force Fy cos wt? Derive an expression to give the frequency of 
maximum acceleration and show that, if r=<sm the acceleration amplitude at the 
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frequency of velocity resonance equals the limit of the acceleration amplitude at high 
frequencies 


Problem 2.6 


Prove that the exact amplitude at the displacement resonance of a driven mechanical 
oscillator may be written x = Fy/w'r where Fo is the driving force amplitude and 


2 


se S r 


m 4m? 


Problem 2.7 

In a forced mechanical oscillator show that the following are frequency independent (a) 
the displacement amplitude at low frequencies (b) the velocity amplitude at velocity 
resonance and (c) the acceleration amplitude at high frequencies, (w > 0). 


Problem 2.8 

Show that curve (b) of figure 2.9 has a maximum value of Fy/@or at wo. Show also that 
for small r, the maximum value of curve (a) is ~Fo/2@or at w;=W,)—r/2m and its 
minimum value is ~—F)/2wor at w@, = Wot+r/2m. 


Problem 2.9 


The equation ¥ +m 6x =(—eE,/m) cos wt describes the motion of a free undamped 
electric charge —e of mass m under the influence of an alternating electric field 
E = E, cos wt. For an electron number density n show that the induced polarizability 
per unit volume (the dynamic susceptibility) of a medium 


n ex ne 


(The permittivity of a medium is defined as € = €)(1 + y) where €, is the permittivity of 
free space. The relative permittivity €, = €/€, is called the dielectric constant and is the 
square of the refractive index when FE is the electric field of an electromagnetic wave.) 


Problem 2.10 


Repeat question 2.9 for the case of a damped oscillatory electron, by taking the 


displacement x as the component represented by curve (a) in fig. 2.9 to show that 
2 2 2 
ne m(wo—w’) 

et y= 14—— 

A ed @k> oy 4aP) 


In fact fig. 2.9(a) plots €, = €/€. Note that for 


ne 
WKW, €~=1+ : 
EgMNWo 
and for 
ne 
W>>Wo, €,=1- : 
Eym@ 
Problem 2.11 


Show that the energy dissipated per cycle by the frictional force rx at an angular 
frequency w is given by mrwx;,,x. 


Problem 2.12 


Show that the bandwidth of the resonance absorption curve defines the phase angle 
range tang =+1. 
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Problem 2.13 


An alternating voltage, amplitude V, is applied across an LCR series circuit. Show that 
the voltage at current resonance across either the inductance or the condenser is QV. 


Problem 2.14 
Show that in a resonant LCR series circuit the maximum potential across the condenser 
occurs at a frequency w = w,(1 —1/2Q¢)'/* where w5=(LC) * and Qy= woL/R. 


Problem 2.15 
In problem 2.14 show that the maximum potential across the inductance occurs at a 
frequency w = w,(1—1/2Q$)”’. 


Problem 2.16 


Light of wavelength 0-6 microns (6000 A) is emitted by an electron in an atom 
behaving as a lightly damped simple harmonic oscillator with a Q value of 5 x 10’. Show 
from the resonance bandwidth that the width of the spectral line from such an atom is 
1-2 10° ** metres. 


Problem 2.17 

If the O value of problem 2:6 is high show that the width of the displacement resonance 
curve is approximately V3r/m where the width is measured between those frequencies 
where X = Xmmax/2- 


Problem 2.18 
Show that, in problem 2.10, the mean rate of energy absorption per unit volume, that is, 
the power supplied is 


2 moo) tor 
i ss 
Summary of Important Results 
Mechanical Impedance Z,,, =F/v (force per unit velocity) 
Z,,=Zm e” =rt+i(wm —s/w) 
where Z2,=r'+(wm—s/w)° 


: wm — S/ @ r Wm — S/W 
sin 6 = Se cos =F, aug = oman 
m m r 


¢ is the phase angle between the force and velocity. 


Forced Oscillator 


Equation of motion mx + rx + sx = Fo COS wt 
(Vector form) m&+rx+sx = Foe 
Use x= Ae’ to give steady state displacement 


. Fo i(wt—d) 
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and velocity 


= 
xk=v= 0 Pad -) 
Lm 
When Fy e'” represents Fo cos wt 
as . 
x= sin (wt — 
oz sin (wt) 


F 
v== Cos (wt—¢) 


m 


ae F, e 
Maximum velocity =— at velocity resonant frequency wo = (s/m)'/” 
r 


F, 
Maximum displacement = == where w’=(s/m—r’/4m’)'”” at displacement 
@ 


resonant frequency w =(s/m—r~/2m’)'/” 


Power absorbed by oscillator from driving force 


Oscillator adjusts amplitude and phase so that power supplied equals power 
dissipated. 


Power absorbed = 3(F5/Z,,) cos gd (cos ¢ is power factor) 
: Fo 
Maximum power absorbed = a at wo 


2 


F r r 
absorbed = — at @, = Wy —=— and w= w)+=—— 
4r 2m 2m 


Maximum power 
2 


Wom Wo 


Quality factor Q= 
W>— Wy 
__ maximum displacement at displacement resonance 
displacement as w > 0 
__A (max) 
Se 


For equivalent expressions for electrical oscillators replace m by L, r by R, s by 
1/C and Fy by Vo (voltage). 


Chapter 3 


Coupled Oscillations 


The first two chapters have shown in some detail how a single vibrating 
system will behave. Oscillators, however, rarely exist in complete isolation; 
wave motion owes its existence to neighbouring vibrating systems which are 
able to transmit their energy to each other. 

Such energy transfer takes place, in general, because two oscillators share a 
common component, capacitance or stiffness, inductance or mass, Or resis- 
tance. Resistance coupling inevitably brings energy loss and a rapid decay in 
the vibration, but coupling by either of the other two parameters consumes no 
power, and continuous energy transfer over many oscillators is possible. This is 
the basis of wave motion. 

We shall investigate firstly a mechanical example of stiffness coupling 
between two pendulums. Two atoms set in a crystal lattice experience a mutual 
coupling force and would be amenable to a similar treatment. Then we 
investigate an example of mass, or inductive, coupling, and finally we consider 
the coupled motion of an extended array of oscillators which leads us naturally 
into a discussion on wave motion. 


Stiffness (or Capacitance) Coupled Oscillators 


Fig. 3.1 shows two identical pendulums, each having a mass m suspended on a 
light rigid rod of length /. The masses are connected by a light spring of stiffness 
s whose natural length equals the distance between the masses when neither is 
displaced from equilibrium. The small oscillations we discuss are restricted to 
the plane of the paper. 

If x and y are the respective displacements of the masses then the equations 
of motion are 


mx = —mg-—s(x-y) 


and 


my = —mg-+ s(x —y) 
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These represent the normal simple harmonic motion terms of each pendulum 
plus a coupling term s(x — y) from the spring. We see that if x > y the spring is 
extended beyond its normal length and will act against the acceleration of x but 
in favour of the acceleration of y. 


Fig. 3.1. Two identical pendulums, each a light rigid rod 


of length / supporting a mass m and coupled byaweight- / 
less spring of stiffness s and of natural length equal to the s 
separation of the masses at zero displacement 
ma = 


Writing wo= g/l, where wo is the natural vibration frequency of each 
pendulum, gives 


it+w2x= == (ay) (3.1) 


¥twoy = ray Re) (3.2) 
Instead of solving these equations directly for x and y we are going to choose 
two new coordinates 
X=xty 
Y=x-y 
The importance of this approach will emerge as this chapter proceeds. Adding 
equations (3.1) and (3.2) gives 
X+¥+wo(x+y)=0 
that is 
X+ woX = 0 
and subtracting (3.2) from (3.1) gives 
Y +(wo+2s/m)Y =0 


The motion of the coupled system is thus described in terms of the two 
coordinates X and Y, each of which has an equation of motion which is simple 
harmonic. 

If Y =0, x = y at all times, so that the motion is completely described by the 
equation 


X+aoX=0 


then the frequency of oscillation is the same as that of either pendulum in 
isolation and the stiffness of the coupling has no effect. This is because both 
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pendulums are always swinging in phase (fig. 3.2a) and the light spring is always 
at its natural length. 
If X = 0, x = — y atall times, so that the motion is completely described by 


Y +(wo+2s/m)Y=0 


The frequency of oscillation is greater because the pendulums are always out 
of phase (fig. 3.2b) so that the spring is either extended or compressed and 
the coupling is effective. 


(a) (b) 
L\ \ / \ 


Fig. 3.2. (a) The ‘in phase’ 
mode of vibration given by 
X+w06X=0, where X is the 
normal coordinate X=x+ty 
and wo = g/l. (b) ‘Out of phase’ 
mode of vibration given by 
Y+(wot2s/m) where Y is 
the normal coordinate Y= 
wey 


Normal Co-ordinates, Degrees of Freedom and Normal Modes of Vibration 


The significance of choosing X and Y to describe the motion is that these 
parameters give a very simple illustration of normal co-ordinates. 


(a) Normal co-ordinates are co-ordinates in which the equations of motion 
take the form of a set of linear differential equations with constant 
coefficients in which each equation contains only one dependent variable 
(our simple harmonic equations in X and Y). 

(b) A vibration involving only one dependent variable X (or Y) is called a 
normal mode of vibration and has its own normal frequency. In such a 
normal mode all components of the system oscillate with the same normal 
frequency. 

(c) The total energy of an undamped system may be expressed as a sum of the 
squares of the normal co-ordinates multiplied by constant coefficients and 
a sum of the squares of the first time derivatives of the co-ordinates 
multiplied by constant coefficients. The energy of a coupled system when 
the X and Y modes are both vibrating would then be expressed in terms of 
the squares of the velocities and displacements of X and Y (see problem). 


wren wet 
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(d) The importance of the normal modes of vibration is that they are entirely 
independent of each other. The energy associated with a normal mode is 
never exchanged with another mode; this is why we can add the energies of 
the separate modes to give the total energy. If only one mode vibrates the 
second mode of our system will always be at rest, acquiring no energy from 
the vibrating mode. 

(e) Each independent way by which a system may acquire energy is called a 
degree of freedom to which is assigned its own particular normal co- 
ordinate. The number of such different ways in which the system can take 
up energy defines its number of degrees of freedom and its number of 
normal co-ordinates. Each harmonic oscillator has two degrees of free- 
dom, it may take up both potential energy (normal co-ordinate X) and 
kinetic energy (normal co-ordinate X). In our two normal modes the 
energies may be written 


Ex = aX + bx? 
and 
Ey=cY*+dY’ 
where a, b, c and d are constant. 
Our system of two coupled pendulums has, then, four degrees of freedom 
and four normal co-ordinates. 
Any configuration of our coupled system may be represented by the super- 
position of the two normal modes 
X=x+y= Xo cos (t+) 
and 
Y=x-—y= Yo cos (wot + >) 
where Xo and Yo are the normal mode amplitudes, whilst w{= g/l and . 


os = (g/l +2s/m) are the normal mode frequencies. To simplify the discussion 
let us choose 


Xo= Yo=2a 
and put 
$i:=62=0+ 


The pendulum displacements are then given by 


=3(X+ Y)=a cos w,t+a cos wot 
and 


=3(X — Y) =a cos wt—a cos wot 
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with velocities 
x=—-aw, sin @,l— aW> sin Wot 


and 
y = —da@; SiN w,t+ aw Sin wot 


Now let us set the system in motion by displacing the right hand mass a distance 
x = 2a and releasing both masses from rest so that x = y = 0 at time t=0. 


x + Y 


tll 
ry 


Y=0 >20 < > g-98 nS | >-7 < > o~«< 


Fig. 3.3. The displacement of one pendulum 
by an amount 2a is shown as the combination 
of the two normal coordinates X + Y 


Fig. 3.3 shows that our initial displacement x = 2a, y = 0 at t= 0 may be seen 
as a combination of the ‘in phase’ mode (x = y =a so that x + y = Xo = 2a) and 
of the ‘out of phase’ mode (x = —y=a so that Yo= 2a). After release, the 
motion of the right hand pendulum is given by 


=a cos w@,t+a COS wl 


=~) (w2—@)t  —(@, +@o)t 
72 
Zz f 
and that of the left hand pendulum is given by 
y =a COS @t—a COS wot 


(w = (w, + wo)t 
Z 2 

(w2—@i)t (w+ wo)t 

2 2 


= —2a sin 


=2a sin 


If we plot the behaviour of the individual masses by showing how x and y 
change with time (fig. 3.4), we see that after drawing the first mass aside a 
distance 2a and releasing it x follows a cosinusoidal behaviour at a frequency 
which is the average of the two normal mode frequencies, but its amplitude 
varies cosinusoidally with a low frequency which is half the difference between 
the normal mode frequencies. On the other hand, y, which started at zero, 
vibrates sinusoidally with the average frequency but its amplitude builds up to 
2a and then decays sinusoidally at the low frequency of half the difference 
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{T. 


x displacement 


y displacement 
O 
™~. 


Fig. 3.4. Behaviour with time of individual 

pendulums, showing complete energy 

exchange between the pendulums as x 

decreases from 2a to zero whilst y grows 
from zero to 2a 


between the normal mode frequencies. in short, the y displacement mass 
acquires all the energy of the x displacement mass which Is stationary when y is 
vibrating with amplitude 2a, but the energy is then returned to the mass 
originally displaced. This complete energy exchange is only possible when the 
masses are identical and the ratio (w; + w2)/(w2—@)) is an integer, otherwise 
neither will ever be quite stationary. The slow variation of amplitude at half the 
normal mode frequency difference is the phenomenon of ‘beats’ which occurs 
between two oscillations of nearly equal frequencies. We shall discuss this 
further in the section on wave groups in Chapter 4. 


x = Y 


iH 
+ 


+ 2a « x=O > Jd <« > gO <« >g~«< >-O ~« 


Fig. 3.5. The faster vibration of the Y mode 

results in a phase gain of 7 radians over the X 

mode of vibration, to give y=2a, which is 

shown here as a combination of the normal 
modes X — Y 
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The important point to recognize, however, is that although the individual 
pendulums may exchange energy, there is no energy exchange between the 
normal modes. Fig. 3.3 showed the initial configuration x = 2a, y =0, decom- 
posed into the X and Y modes. The higher frequency of the Y mode ensures 
that after a number of oscillations the Y mode will have gained half a vibration 
(a phase of 7 radians) on the X mode; this is shown in fig. 3.5. The combination 
of the X and Y modes then gives y the value of 2a and x = 0, and the process is 
repeated. When Y gains another half vibration then x equals 2a again. The 
pendulums may exchange energy; the normal modes do not. | 
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Fig. 3.6. Normal modes of vibra- 
tion for triatomic molecules CO, 
and H,O 


Atoms in polyatomic molecules behave as the masses of our pendulums; the 
normal modes of two triatomic molecules CO, and H2O are shown with their 
frequencies in fig. 3.6. Normal modes and their vibrations will occur frequently 
throughout this book. 


The General Method for Finding Normal Mode Frequencies 


We have just seen that when a coupled system oscillates in a single normal 
mode each component of the system will vibrate with the frequency of that 
mode. This allows us to adopt a method which will always yield the values of the 
normal mode frequencies and the relative amplitudes of the individual oscil- 
lators at each frequency. 

Suppose that our system of coupled pendulums in the last section oscillates in 
only one of its normal modes of frequency o. 
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Then, in the equations of motion 
mx +mg(x/l)+s(x—y)=0 
and 
my +mg(y/1)—s(x—y)=0 
we may assume the solutions 
x =A cos wt 
y=Bcoswt 


where A and B are the displacement amplitudes of x and y at the frequency w. 
Using these solutions, the equations of motion become 


[—-mw*A+(mg/l) A+s(A—B)]cos wt =0 
[—-mw*B+(mg/l) B-—s(A—B)]cos wt =0 
The sum of these expressions gives 
(A + B)(—mw* + mg/l) =0 


which is satisfied when w~=g/I, the first normal mode frequency. The 
difference between the expressions gives 
(A — B)(—mw* + mg/1+2s) =0 

which is satisfied when w* = g/]+2s/m, the second normal mode frequency. 

Inserting the value w* = g/I in the pair of equations gives A = B (the ‘in 
phase’ condition), whilst w* = g/1+2s/m gives A =—B (the antiphase condi- 
tion). 

These are the results we found in the previous section. 

Because the system started from rest we have been able to assume solutions 
of the simple form 


x=Acoswt 
y=Bcos at 


When the pendulums have an initial velocity at t= 0, the boundary conditions 
require solutions of the form 


x =A cos (wt+a) 
y= Bcos(at+a) 


where each normal mode frequency w has its own particular value of the phase 
constant a. The number of adjustable constants then allows the solutions to 
satisfy the arbitrary values of the initial displacements and velocities of both 
pendulums. | 


(Problems 3.1, 3.2, 3.3, 3.4, 3.5, 3.6, 3.7, 3.8, 3.9, 3.10, and 3.11) 
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Mass or Inductance Coupling 


In a later chapter we shall discuss the propagation of voltage and current waves 
along a transmission line which may be considered as a series of coupled 
electrical oscillators having identical values of inductance and of capacitance. 
For the moment we shall consider the energy transfer between two electrical 
circuits which are inductively coupled. 

A mutual inductance (shared mass) exists between two electrical circuits 
when the magnetic flux from the current flowing on one circuit threads the 
second circuit. Any change of flux induces a voltage in both circuits. 

A transformer depends upon mutual inductance for its operation. The power 
source is connected to the transformer primary coil of n, turns, over which is 
wound in the same sense a secondary coil of n, turns. If unit current flowing in a 
single turn of the primary coil produces a magnetic flux ¢, then the flux 
threading each primary turn (assuming no flux leakage outside the coil) is nd 
and the total flux threading all n, turns of the primary is 


2 
L = toe 


where L, is the self inductance of the primary coil. If unit current in a single turn 
of the secondary coil produces a flux ¢, then the flux threading each secondary 
turn is n.d and the total flux threading the secondary coil is 


L,.==4 


where L, is the self inductance of the secondary coil. 

If all the flux lines from unit current in the primary thread all the turns of the 
secondary, then the total flux lines threading the secondary defines the mutual 
inductance 


M=n,(n,¢) =V LL, 
In practice, because of flux leakage outside the coils, M<vL,L, and the ratio 


M 
ai 


If the primary current [, varies with e‘ a change of I, gives an induced 
voltage —L,dI,/dt=—iwLI, in the primary and an induced voltage 
—M dlI,/dt = —iwMI, in the secondary. 

If we consider now the two resistance-free circuits of fig. 3.7, where L; and 
L» are coupled by flux linkage and allowed to oscillate at some frequency w (the 
voltage and current frequency of both circuits), then the voltage equations are 


= k, the coefficient of coupling. 


1 
wC 
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M = Mutual Inductance 


Fig. 3.7. Inductively (mass) 
coupled LC circuits with mutual 
inductance M 


and 
=, ; 
iwL,I,—-1—— [,+iwMI, = (0 (3.4) 
wC> 


where M is the mutual inductance. 
Multiplying (3.3) by w/iL; gives 


where the natural frequencies of the circuit ws =1/L,C, and ws = 1/L,C, give 
M 

(oi -@ I =" ls | (3.5) 
t 


and 


M 
(w3—w’)b=—a'l, (3.6) 
L, 


The product of equations (3.5) and (3.6) gives 


2 


IL, 


wo =k’w’, (3.7) 


(w1—@)(@2—w*) = 


where k is the coefficient of coupling. 

Solving for w gives the frequencies at which energy exchange between the 
circuits allows the circuits to resonate. If the circuits have equal natural 
frequencies @) = w2 = wo, say, then equation (3.7) becomes 


(ao-@*y = k*0* 
OT 


(w6—@’)=+kw’ 
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that is 


Wo 


V1+k 


@w=2t 


The positive sign gives two frequencies 


Wo 
w' = and "= 
V1+k V1—k 


at which, if we plot the current amplitude versus frequency, two maxima appear 
(fig. 3.8). 


= a Coupling 
E (a) & large 
- (b) 4 intermediate 
© (a)/  (b)/Cc) (c) & small 
5 
S) 
WwW WwW 


5. 


Fig. 3.8. Variation of the current amplitude in each 
circuit near the resonant frequency. A small resis- 
tance prevents the amplitude at resonance from 
reaching infinite values but this has been ignored in 
the simple analysis. Flattening of the response curve 
maximum gives ‘frequency band pass’ coupling 


In loose coupling k and M are small, and w' ~ w” ~ wo, so that both systems 
behave almost independently. In tight coupling the frequency difference 
w"—w' increases, the peak values of current are displaced and the dip between 
the peaks is more pronounced. In this simple analysis the effect of resistance 
has been ignored. In practice some resistance is always present to limit the 
amplitude maximum. 


(Problems 3.12, 3.13, 3.14, 3.i5, 3.16) 


Coupled Oscillations of a Loaded String 


As a final example involving a large number of coupled oscillators we shall 
consider a light string supporting n equal masses m spaced at equal distances a 
along its length. The string is fixed at both ends; it has a length (n+ 1)a and a 
constant tension T exists at all points and all times in the string. 
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Small simple harmonic oscillations of the masses are allowed in only one 
plane and the problem is to find the frequencies of the normal modes and the 
displacement of each mass in a particular normal mode. 

This problem was first treated by Lagrange, its particular interest being the 
use it makes of normal modes and the light it throws upon the wave motion and 
vibration of a continuous string to which it approximates as the linear separa- 
tion and the magnitude of the masses are progressively reduced. 

Fig. 3.9 shows the displacement y, of the rth mass together with those of its 
two neighbours. The equation of motion of this mass may be written by 
considering the components of the tension directed towards the equilibrium 


Fig. 3.9. Displacements of three mas- 

ses on a loaded string under tension T 

giving equation of motion my,= 
T(yr+1—-2y,+y,-1)/a 


position. The rth mass is pulled downwards towards the equilibrium position 
by a force T sin @,, due to the tension on its left and a force T sin 65 due to the 
tension on its right where 


= ¥r<4 
sin 9, =~! 
a 
and 
: ~ Yr+i 
sin 6, ag Pott = 
a 


Hence the equation of motion is given by 
2 


d“y, : 
m a = — T(sin 6, +sin 65) 
Batis (Fa Bo) 
a a 
SO 
Py cidicngE 
—— = ee 4 + 
dr yr aan (y, 1—2y,+ y,41) 
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If, in a normal mode of oscillation of frequency o, the time variation of y, is 
simple harmonic about the equilibrium axis, we may write the displacement of 
the rth mass in this mode as 


= iwt 
y,=A,e 


where A, is the maximum displacement. Similarly y,+1 = A,+1 e” and y,-1= 
A,_, e'””. Using these values of y in the equation of motion gives 


. T 
= w A, ae E555 (A,-1 = 2Ay = A,+1) en 
ma 


Or 


This is the fundamental equation. 

The procedure now is to start with the first mass r= 1 and move along the 
string, writing out the set of similar equations as r assumes the values r= 
1,2,3,...,m remembering that, because the ends are fixed 


Yo = Ao = 9 and = yn+1 = An+i=9 


Thus when r= 1 the equation becomes 


2 
(2-™ )A-A2=0 (Ay=0) 


When r=2 we have 


and when r=n we have 


2 
Maw 


~A,1+(2- )A, = () (An+1 = 9) 


Thus we have a set of n equations which, when solved, will yield n different 
values of w’, each value of w being the frequency of a normal mode, the 
number of normal modes being equal to the number of masses. 

The formal solution of this set of n equations involves the theory of matrices. 
However, we may easily solve the simple cases for one or two masses on the 
string (n = 1 or 2) and, in addition, it is possible to show what the complete 
solution for n masses must be without using sophisticated mathematics. 
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Firstly, when n= 1, one mass on a string of length 2a, we need only the 
equation for r= 1 where the fixed ends of the string give Ap = A> =0. 


Hence we have 
2 
maw 
2- att 
( = a 


giving 
sot 
ma 


@ 


a single allowed frequency of vibration (fig. 3.10a). 


m 


i= jae ee 
= 
(a) 2. or 


: *3 
f= 
(b) - 
237 
A, A, ss ma 
A=-A, 
m 


Fig. 3.10. (a) Normal vibration of a single mass m 
on a string of length 2a at a frequency w° = 2T/ ma. 
(b) Normal vibrations of two masses on a string of 
length 3a showing the loose coupled ‘in phase’ 
mode of frequency w,; =T/ma and the tighter 
coupled ‘out of phase’ mode of frequency w»* = 
3T/ma. The number of normal modes of vibration 
equals the number of masses 


When n = 2, string length 3a (fig. 3.10b) we need the equations for both r = 1 
and r= 2, that is 


and 
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Eliminating A, or Az shows that these two equations may be solved (are 
consistent) when 


that is 


Thus there are two normal mode frequencies 
2 2 
@,=— and w2=— 
ma 


Using the values of w, in the equations for r= 1 and r = 2 gives A; = A> the 
slow ‘in phase’ oscillation of fig. 3.10b, whereas w> gives A; = — Az the faster 
‘anti-phase’ oscillation resulting from the increased coupling. 

To find the general solution for any value of n let us rewrite the equation 


in the form 


A,1tAns 26g s7 
= ——,— _ where w= 
A, WO ma 
We see that for any particular fixed value of the normal mode frequency @ 
(w, say) the right hand side of this equation is constant, independent of r, so the 
equation holds for all values of r. What values can we give to A, which will 
satisfy this equation, meeting the boundary conditions Ao =Any+1 = Oat the end 
of the string? 
Let us assume that we may express the amplitude of the rth mass at the 
frequency w, as 


A, = C sin ré 


where C is a constant and 6 is some constant angle for a given value of w,. The 
left hand side of the equation then becomes 


A,-1+A,41 __ C[sin (r—1)6+sin (r+1)@] 2C sin ré cos 6 
A, C sin ré C sin ré 
=72 cos 6 


which is constant and independent of r. 
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The value of 6, (constant at w,) is easily found from the boundary conditions 


Ao = An+1=0 
for 
Ao = Csin 0= 0 (automatically at r = 0) 
and 
An+i = Csin(n+1)0=0 
when 
(n+1)6, Sse for. s=1,.2.... 52 
Hence — 
ST 
ers | 
and 
A, = C sin rd =C sin = 
A+) 


which is the amplitude of the rth mass at the fixed normal mode frequency ,. 
To find the allowed values of w, we write 


A,-1+A,41  2@6—-07 sar 
——$—$_— =——=2 6, = 20 
= e COS Cc ee 
giving 
2 2 ST 
s=2 }1- O 
@ Wo C OE 
where s may take the values s=1,2,...,n and wo= T/ma. 


Note that there is a maximum frequency of oscillation w, = 2a. This is called 
the ‘cut off’ frequency and such an upper frequency limit is characteristic of all 
oscillating systems composed of similar elements (the masses) repeated period- 
ically throughout the structure of the system. We shall meet this in the next 


chapter as a feature of wave propagation in crystals. 


To summarize, we have found the normal modes of oscillation of n coupled 


masses on the string to have frequencies given by 


w? === 1-cos =| (s-=-], 2,-3--e-n) 
ma n 


At each frequency w, the rth mass has an amplitude 


AYE 


A, = C sin 
n+l 
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where C is a constant. 


(Problems 3.17, 3.18, 3.19, 3.20 and 3.21) 


The Wave Equation 


Finally, in this chapter, we show how the coupled vibrations in the periodic 
structure of our loaded string become waves in a continuous medium. 
We found the equation of motion of the rth mass to be 


dy, 
at? 


T 
(y-41 —s + Y,—-1) 
ma 


Now let the separation a = 5x and consider the limit 5x > 0 as the masses merge 
into a continuous heavy string. 
We then have 


d°y, _ a(t 2, ~ yt) =F (Oust ae ¥)_ = saul) 
dt? m Ox m Ox Ox 


-=|(3)...-(=), 

m L\6x/r4+1 Ox/ ¥ 
=) (2) d’y 
pes et SS =—>d 
(2 ee 


So in the limit 5x > 0 we may drop the subscripts and write the equation of 
motion for the harmonic oscillator at position x as 


Now 


where p = m/dx, the mass per unit length of the string (its linear density). This 
final expression is the WAVE EQUATION. 

T/p has the dimensions of the square of a velocity, the velocity with which 
the wave (that is the phase of oscillation) is propagated. The solution for y is 
always that of a harmonic oscillation at some position x along the string. 


a | ee 


Problem 3.1 


Show that the potential energy of two identical simple pendulums coupled by a spring 
may be expressed as aX” + bY”, where X and Y are normal co-ordinates and a and b 
are constant. Show that the kinetic energy may be expressed as cX* +d Y’ where c and d 
are constants. Evaluate a, b, c and d in terms of s, |, m and g. 
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Problem 3.2 


Express the total energy of problem 3.1 in terms of the pendulum displacements x and y 
as 


= = (Ein + | in + (e.. -~ Po, + ee 


where the brackets give the energy of each pendulum expressed in its own co-ordinates 
and (E,o:)xy is the coupling or interchange energy involving the product of these 
co-ordinates. 


Problem 3.3 


Figs. 3.3 and 3.5 show how the pendulum configurations x = 2a, y= 0 and x =0, y=2a 
result from the superposition of the normal modes X and Y. Using the same initial 
conditions (x =2a, y=0, x =y =0) draw similar sketches to show how X and Y 
superpose to produce x = —2a, y =0 and x =0, y = —2a. 


Problem 3.4 

In the figure two masses m, and m, are coupled by a spring of stiffness s and natural 
length I. If x is the extension of the spring show that equations of motion along the x axis 
are 


m,X1 = Sx 
and 
M,X> = — Sx 


and combine these to show that the system oscillates with a frequency 


where 

_ mm, 
P m,+m, 

is called the reduced mass. 

The figure now represents a diatomic molecule as a harmonic oscillator with an 
effective mass equal to its reduced mass. If a sodium chloride molecule has a natural 
vibration frequency = 1-14 x 10"* Hertz (in the infrared region of the electromagnetic 
spectrum) show that the interatomic force constant s=120 newtons metre ' (this 
simple model gives a higher value for s than more refined methods which account for 
other interactions within the salt crystal lattice) 


Mass of Na atom = 23 a.m.u. 
Mass of Cl atom = 35 a.m.u. 
la.m.u. = 1-67 x 10°*’ kilograms 
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Problem 3.5 


The equal masses in the figure oscillate in the vertical direction. Show that the 
frequencies of the normal modes of oscillation are given by 


oe = 3+ v5)— 


and that in the slower mode the ratio of the amplitude of the upper mass to that of the 
lower mass is 1(4/ 5—1) whilst in the faster mode this ratio is 1(4/ 5+1). 


In the calculations it is not necessary to consider gravitational forces because they play 
no part in the forces responsible for the oscillation. 


Problem 3.6 


In the coupled pendulums of figure 3.3 let us write the modulated frequency ,,, = 
(w,—w,)/2 and the average frequency w, = (w2+ w,)/2 and assume that the spring is so 
weak that it stores a negligible amount of energy. Let the modulated amplitude 


2acosw,t or 2asina,,t 


be constant over one cycle at the average frequency w, to show that the energies of the 
masses may be written 


E, = 2ma’?w2 cos’ @nt 
and 
E, =2ma’; sin’ @,,t 
Show that the total energy E remains constant and that the energy difference at any 
time is 
os ant oo = E COS (@.— w,)t 
Prove that 


= 
E, =5l1 + cos (w>—@,)t] 
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and 


E 
Ey = ll — COS (w>— w,)t] 


to show that the constant total energy is completely exchanged between the two 
pendulums at the beat frequency (w,—w,). 


Problem 3.7 
When the masses of the coupled pendulums of fig. 3.1 are no longer equal the equations 
of motion become 


m,x = —m,(g/I)x —s(x—y) 
and 


my = —m,(g/l)y + s(x —y) 
Show that we may choose the normal co-ordinates 


_mxt+my 
m,+m, 
with a normal mode frequency w{= g// and Y=x-—y with a normal mode frequency 
w5 = g/l +s(1/m,+1/mz,). 


Note that X is the co-ordinate of the centre of mass of the system whilst the effective 
mass in the Y mode is the reduced mass yw of the system where 1/p =1/m,+1/my,. 


Problem 3.8 

Let the system of problem 3.7 be set in motion with the initial conditions x = A, y = 0, 
x =y=0 at t=0. Show that the normal mode amplitudes are X)=(m,/M)A and 
Y,=A to yield 


A 
x =—(m, COS w,t +m, COS w5f) 
M 
and 


m 
y= Aq (cos w,t—COS w>t) 


where M=m,+™m,. 
Express these displacements as 


2A ; 
x =2A COS w,,t COS Wal += (my —mz,) sin w,,t Sin w,t 


and 


Mm, . ; 
y= 2A Sin w,,¢ SIN w,t 


where w,, =(@2—@,)/2 and w, =(w,+@,)/2. 
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Problem 3.9 


Apply the weak coupling conditions of problem 3.6 to the system of problem 3.8 to show 
that the energies 


E 
E, =7palmit m3+2m,m, cos (w2— @)t] 


and 


2m,mM, 


E, = pL —cos (w>— @,)t] 


Note that E, varies between a maximum of E (at ¢=0) and a minimum of 
[(m,—m,)/MP/E, whilst E, oscillates between a minimum of zero at t=O and a 
maximum of 4(m,m,/M7°)E at the beat frequency of (w2—)). 


Problem 3.10 


In the figure (see page 95) the right hand pendulum of the coupled system is driven by 
the horizontal force Fy cos wt as shown. If a small damping constant r is included the 
equations of motion may be written 


m 
mx = ——Famnmate—y)+Fe COS wt 


and 


my = Ryan ts(x—y) 


Show that the equations of motion for the normal co-ordinates X=xt+y and 
Y =x-—y are those for damped oscillators driven by a force F, cos wt. 
Solve these equations for X and Y and, by neglecting the effect of r, show that 


Fo | 1 - 1 
7;=—_ 25 
2m w7-w WX-w 


and 
0 1 1 
y= —— cos ai =< : 
@,— W W>— W 
where 
l 
Show that 
yY___ @2—@} 
xX @5+H{—-20° 


and sketch the behaviour of the oscillator with frequency to show that outside the 
frequency range w,—, the motion of y is attenuated. 
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+‘, cos whe 


Y x 


Problem 3.11 

The diagram shows an oscillatory force Fy cos wt acting on a mass M which is part of a 
simple harmonic system of stiffness k and is connected to a mass m by a spring of 
stiffness s. If all oscillations are along the x axis show that the condition for M to remain 
stationary is w* = s/m. (This is a simple version of small mass loading in engineering to 
quench undesirable oscillations). 


F cos w/ 


Problem 3.12 (fig. on page 96) 


The figure shows two identical LC circuits coupled by a common capitance C with 
the directions of current flow indicated by arrows. The voltage equations are 


dI. 
V, igs V3 — FS : 
dt 
and 
dI, 
V,—V3= L— 
whilst the currents are given by 
dq dq> 
saw Se oe =) —] 
dt = 
and 
ds _ 
“git 


Solve the voltage equations for the normal co-ordinates (J, + I,) and (1, — I,) to show 
that the normal modes of oscillation are given by 


[,=I, at o}=— 
b Wy; LC 


and 
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Note that when I, = J, the coupling capacitance may be removed and q,; =—q2. When 
Se = ag q2 = ~ 28; = —2q3. 


Problem 3.13 


A generator of e.m.f. E is coupled to a load Z by means of an ideal transformer. From 
the diagram, Kirchhoff’s Law gives 


E = C1 <— iwL,I, —iwMI, 
and 
LZ, =< C5 = iwMI, a iwLL. 


Show that E/I,, the impedance of the whole system seen by the generator, is the sum of 
the primary impedance and a ‘reflected impedance’ from the secondary circuit of 
w*M/Z, where Z, = Z, +iowL,. 


M 


Problem 3.14 


Show, for the perfect transformer of question 3.13, that the impedance seen by the 
generator consists of the primary impedance in parallel with an impedance (n,/ nT Zs, 
where n, and n, are the number of primary and secondary transformer coil turns 
respectively. 


Problem 3.15 


If the generator delivers maximum power when its load equals its own internal 
impedance show how an ideal transformer may be used as a device to match a load to a 
generator, e.g. a loudspeaker of a few ohms impedance to an amplifier output of 10° 
ohms impedance. 
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Problem 3.16 


The two circuits in the diagram are coupled by a variable mutual inductance M and 
Kirchhoff’s Law gives 


Z,1,+ZuMl,=E 
and 
Zul, + Z21, = 0, 
where 
Zu = ti@M — 


M is varied at a resonant frequency where the reactance X, = X, = 0 to give a maximum 
value of I,. Show that the condition for this maximum is aM =~VR,R, and that this 
defines a ‘critical coefficient of coupling’ k =(Q,Q,) '/*, where the Q’s are the quality 
factor of the circuits. 


Problem 3.17 


Consider the case when the number of masses on the loaded string of this chapter is 
n=3 and show that the normal vibrations have frequencies given by w{= 
(2—V/2)T/ma, w3=2T/ ma and w3=(2+V2)T/ma. 


Problem 3.18 


Show that the relative displacements of the masses in these modes is 1 -V¥2:1, 
1:0: -—1,and 1: —V2: 1. Show by sketching these relative displacements that tighter 
coupling increases the mode frequency. 


Problem 3.19 


Taking the maximum value of 


at s =n as that produced by the strongest coupling, deduce the relative displacements of 
neighbouring masses and confirm your deduction by inserting your values in consecutive 
difference equations relating the displacements y,,,, y, and y,_,.. Why is your solution 
unlikely to satisfy the displacements of those masses near the ends of the string? 


Problem 3.20 
Expand the value of 
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when s « n in powers of (s/n + 1) to show that in the limit of very large values of n, a low 
frequency 


where p= m/a and 1=(n+1)a. 


Problem 3.21 


An electrical transmission line consists of equal inductances L and capacitances C 
arranged as shown. Using the equations 


gs) sae 1 @, 
dt r—1 r ee 
and 
dq, 
| = —¥, - + 
; dt 


show that an expression for I, may be derived which is equivalent to that for y, in the case 
of the mass-loaded string. (This acts as a low pass electric filter and has a cut-off 
frequency as in the case of the string. This cut-off frequency is a characteristic of wave 
propagation in periodic structures and electromagnetic wave guides.) 


¥Y Y Y 


r-1 ‘g r+ 


G--1 £ 7, L Ge +1 


Chad, qoohined, tshneeG 


Summary of Important Results 


In coupled systems each normal co-ordinate defines a degree of freedom, each 
degree of freedom defines a way in which a system may take up energy. The 
total energy of the system is the sum of the energies in its normal modes of 
oscillation because these remain separate and distinct, and energy is never 
exchanged between them. 

A simple harmonic oscillator has two normal co-ordinates [velocity (or 
momentum) and displacement] and therefore two degrees of freedom, the first 
connected with kinetic energy, the second with potential energy. 


n equal masses, separation a, coupled on a string under constant tension T 
Equation of motion of the rth mass is 


my, = (T/a)(yr-1 =2y, + y,+1) 
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which for y, = A, e’”’ gives 


eA 
2— maw 


A, —A,_;=0 
T 


= Ay+i = ( 
There are n normal modes with frequencies w, given by 


4 = ( ST 
w;=—|1-—cos 
a 


In a normal mode of frequency w, the rth mass has an amplitude 


AYE 


A, = C sin 
n+l 


where C is a constant 


Wave equation 
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In the limit, as separation a = 6x > 0 equation of motion of rth mass on loaded 


string my, =(T/a)(y,-1—2y,+ y,+1) becomes wave equation 
Kyordy ody 
dt 1) dx «abr 


where p is mass per unit length and c is the wave velocity 


Chapter 4 


Transverse Wave Motion 


Partial Differentiation 


From this chapter onwards we shall often need to use the notation of partial 
differentiation. 

When we are dealing with a function of only one variable, y = f(x) say, we 
write the differential coefficient 


dy_ |, fle+8x)-f(x) 
dx 8x0 Ox 


but if we consider a function of two or more variables, the value of this function 
will vary with a change in any or all of the variables. For instance, the value of 
the coordinate z on the surface of a sphere centred at the origin O whose 
equation is x+y +2°= a’, where a is the radius of the sphere, will depend on 
x and y so that z is a function of x and y written z = z(x, y). The differential 
change of z which follows from a change of x and y may be written 


OZ OZ 
dz= (=) dx+(=) dy 
OXx/y Oy/, 
where (dz/dx), means differentiating z with respect to x whilst y is kept 
constant, so that 


a + ~ 
(2) = Yin ZOE VI ZO Y) 
Ox y 6x-0 Ox 


The total change dz is found by adding the separate increments due to the 
change of each variable in turn whilst the others are kept constant. In fig. 4.1 we 
can see that keeping y constant isolates a plane which cuts the spherical surface 
in a curved line, and the incremental contribution to dz along this line is exactly 
as though z were a function of x only. Now by keeping x constant we turn the 
plane through 90° and repeat the process with y as a variable so that the total 
increment of dz is the sum of these two processes. 
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plane x =constant 
Z(y) Oy 


gradient (2 


2 (x) only y 


: Oz 
gradient ( ax) 


Octant of sphere 
centre O, radius a 


= 
x +y¥+2=0 


x 


Plane y =constant 


Fig. 4.1. Section of a sphere centred at the origin 

showing dz =dz,+dz=(dz/dx),dx + (dz/dy), dy 

where each gradient is calculated with one variable 
remaining constant 


If only two variables are involved the subscript showing which variable is 
kept constant is omitted without ambiguity. 

In wave motion our functions will be those of variables of distance and time, 
and we shall write a/dx and 0°/dx” for the first for )second derivatives | with 
respect to x, whilst the time t remains constant. Nasin: a/at and d°/dt* will 
denote first and second derivatives with respect to time, implying that x is kept 
constant. 


Waves 


One of the simplest ways to demonstrate wave motion is to take the loose end 
of a long rope which is fixed at the other end and to move the loose end quickly 
up and down. Crests and troughs of the waves move down the rope, and if the 
rope were infinitely long such waves would be called progressive waves—these 
are waves travelling in an unbounded medium free from possible reflexion (fig. 
4.2). 

crest 


trough 
Progressive waves on infinitely long string 


Fig. 4.2. Progressive transverse 
waves moving along a string 
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If the medium is limited in extent, for example if the rope were reduced to a 
violin string, fixed at both ends, the progressive waves travelling on the string 
would be reflected at both ends; the vibration of the string would then be the 
combination of such waves moving to and fro along the string and standing 
waves would be formed. 

Waves on strings are transverse waves where the displacements or oscilla- 
tions in the medium are transverse to the direction of wave propagation. When 
the oscillations are parallel to the direction of wave propagation the waves are 
longitudinal. Sound waves are longitudinal waves; a gas can sustain only 
longitudinal waves because transverse waves require a shear force to maintain 
them. Both transverse and longitudinal waves can travel in a solid. 

In this book we are going to discuss plane waves only. When we see wave 
motion as a series of crests and troughs we are in fact observing the vibrational 
motion of the individual oscillators in the medium, and in particular all of those 
oscillators in a plane of the medium which, at the instant of observation, have 
the same phase in their vibrations. 

If we take a plane perpendicular to the direction of wave propagation and all 
oscillators lying within that plane have a common phase, we shall observe with 
time how that plane of common phase progresses through the medium. Over 
such a plane, all parameters describing the wave motion remain constant. The 
crests and troughs are planes of maximum amplitude of oscillation which are 7 
radians out of phase; a crest is a plane of maximum positive amplitude, while a 
trough is a plane of maximum negative amplitude. In formulating such wave 
motion in mathematical terms we shall have to relate the phase difference 
between any two planes to their physical separation in space. We have, in 
principle, already done this in our discussion on oscillators. 

Spherical waves are waves in which the surfaces of common phase are 
spheres and the source of waves is a central point, e.g. an explosion; each 
spherical surface defines a set of oscillators over which the radiating distur- 
bance has imposed a common phase in vibration. In practice spherical waves 
become plane waves after travelling a very short distance. A small section of a 
spherical surface is a very close approximation to a plane. 


Velocities in Wave Motion 


At the outset we must be very clear about one point. The individual oscillators 
which make up the medium do not progress through the medium with the 
waves. Their motion is simple harmonic, limited to oscillations, transverse or 
longitudinal, about their equilibrium positions. It is their phase relationships 
we observe as waves, not their progressive motion through the medium. 

There are three velocities in wave motion which are quite distinct although 
they are connected mathematically. They are 

(1) The particle velocity, which is the simple harmonic velocity of the 
oscillator about its equilibrium position. 

(2) The wave or phase velocity, the velocity with which planes of equal phase, 
crests or troughs, progress through the medium. 
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(3) The group velocity. A number of waves of different frequencies, 
wavelengths and velocities may be superposed to form a group. Waves rarely 
occur as single monochromatic components; a white light pulse consists of an 
infinitely fine spectrum of frequencies and the motion of such a pulse would be 
described by its group velocity. Such a group would, of course, ‘disperse’ with 
time because the wave velocity of each component would be different in all 
media except free space. Only in free space would it remain as white light. We » 
shall discuss group velocity as a separate topic in a later section of this chapter. 
Its importance is that it is the velocity with which the energy in the wave group 
is transmitted. For a monochromatic wave the group velocity and the wave 
velocity are identical. Here we shall concentrate on particle and wave vel- 
ocities. 


The Wave Equation 


This equation will dominate the rest of this text and we shall derive it, first of all, 
by considering the motion of transverse waves on a string. 

We shall consider the vertical displacement y of a very short section of a 
uniform string. This section will perform vertical simple harmonic motions; it is 
our simple oscillator. The displacement y will, of course, vary with the time and 
also with x, the position along the string at which we choose to observe the 
oscillation. 

The wave equation therefore will relate the displacement y of a single 
oscillator to distance x and time ¢. We shall consider oscillations only in the 
plane of the paper, so that our transverse waves on the string are plane 
polarized. | 

The mass of the uniform string per unit length or its linear density is p, and a 
constant tension T exists throughout the string although it is slightly extensible. 


displacement 
Jy 


String 
element 


x dx x+dx x 


Fig. 4.3. Displaced element of 

string of length ds~dx with 

tension T acting at an angle 6 at 
x andat@+d6@atx+dx 
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This requires us to consider such a short length and such small oscillations that 
we may linearize our equations. The effect of gravity is neglected. 

Thus in fig. 4.3 the forces acting on the curved element of length ds are T at 
an angle 6 to the axis at one end of the element, and T at an angle 6 + d@ at the 
other end. The length of the curved element is 


Py soe. 
ds=[1+(2) | : dx 
Ox 

but within the limitations imposed dy/dx is so small that we ignore its square 
and take ds = dx. The mass of the element of string is therefore pds = pdx. Its 
equation of motion is found from Newton’s Law, force equals mass times 
acceleration. 

The perpendicular force on the element dx is T sin (@+d@)— T sin 6 in the 
positive y direction, which equals the product of pdx (mass) and 0 *y/at? 


(acceleration). 
Since @ is very small sin 6 ~tan 6 = dy/dx, so that the force is given by 


shes aged 
Ox x+dx Ox x 
where the subscripts refer to the point at which the gradient is evaluated. The 


difference between the two terms in the bracket defines the differential 
coefficient of the gradient dy/dx times the space interval dx, so that the force is 


The equation of motion of the small element dx then becomes 
2 


ry dx =p axa} 
or 
dy pay 
ax’ TT at 
giving 
oy 1 a°y 
ax? c? ar” 


where T/p has the dimensions of c’ and c is a velocity. 
THIS IS THE WAVE EQUATION. 

It relates the acceleration of a simple harmonic oscillator in a medium to the 
second derivative of its displacement with respect to its position, x, in the 
medium. The position of the term c’ in the equation is always shown by a rapid 
dimensional analysis. 

So far we have not explicitly stated which velocity c represents. We shall see 


that it is the wave or phase velocity, the velocity with which planes of common | 
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phase are propagated. In the string the velocity arises as the ratio of the tension 
to the inertial density of the string. We shall see, whatever the waves, that the 
wave velocity can always be expressed as a function of the elasticity or potential 
energy storing mechanism in the medium and the inertia of the medium 
through which its kinetic or inductive energy is stored. For longitudinal waves 
in a solid the elasticity is measured by Young’s modulus, in a gas by yP, where y 
is the specific heat ratio and P is the gas pressure. 


Solution of the Wave Equation 


The solution of the wave equation 


will, of course, be a function of the variables x and t. We are going to show that 
any function of the form y =f,(ct— x) is a solution. Moreover, any function 
y =f2(ct+x) will be a solution so that, generally, their superposition y = 
fi(ct—x)+f2(ct+.x) is the complete solution. 

If f; represents the differentiation of the function with respect to the bracket 
(ct—x), then 


0 ' 
<= —f\(ct—x) 
Ox 
and 
ay 
enn ts ae t— 
—— (ct — x) 
also 
oy 
—= — t— 
at cf 1(ct— x) 
and 
ay 2 
ee ” ct— 
at c fil x) 
so that 
ay_ 1 ay 
ax? c’ at? 


for y=f,(ct—x). When y = f,(ct+ x) a similar result holds. 
(Problems 4.1, 4.2) 


If y is the simple harmonic displacement of an oscillator at position x and 
time t we would expect, from Chapter 1, to be able to express it in the form 
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y =a sin (wt— 4), and in fact all of the waves we discuss in this book, because 
they are plane waves, will be described by sine or cosine functions. 

The bracket (ct—x) in the expression y = f(ct—x) has the dimensions of a 
length and, for the function to be a sine or cosine, its argument must have the 
dimensions of radians so that (ct—x) must be multiplied by a factor 27/A, 
where J is a length to be defined. 

We can now write 


2 
y=asin(wt—d)=a sin “(ct -x) 


as a solution to the wave equation if 27rc/A = w = 27, where v is the oscillation 
frequency and ¢ =27x/A. 

This means that if a wave, moving to the right, passes over the oscillators ina 
medium and a photograph is taken at time t=0, the locus of the oscillator 
displacements (fig. 4.4) will be given by the expression y =a sin (wt—¢)= 
a sin 27(ct—x)/A. If we now observe the motion of the oscillator at the 
position x = 0 it will be given by y =a sin at. 


displacement y 


—— 


Fig. 4.4. Locus of oscillator displacements in a 

continuous medium as a wave passes over them 

travelling in the positive x-direction. The 

wavelength A is defined as the distance between 

any two oscillators having a phase difference of 
27 radians 


Any oscillator to its right at some position x will be set in motion at some 
later time by the wave moving to the right; this motion will be given by 


2 
y=asin(wt—¢)=a sin (ctx) 


having a phase lag of @ with respect to the oscillator at x = 0. This phase lag 
gh =27x/X, so that if x =A the phase lag is 27 radians, that is, equivalent to 
exactly one complete vibration of an oscillator. 

This defines A as the wavelength, the separation in space between any two 
oscillators with a phase difference of 27 radians. The expression 27c/A = @ = 
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2av gives c= vd, where c, the wave or phase velocity, is the product of the | 
frequency and the wavelength. Thus A/c = 1/v =z, the period of oscillation, 
showing that the wave travels one wavelength in this time. An observer at any 
point would be passed by v wavelengths per second, a distance per unit time 
equal to the velocity c of the wave. 

If the wave is moving to the left the sign of @ is changed because the 
oscillation at x begins before that at x = 0. Thus the bracket 


(ct—x) denotes a wave moving to the right 


and 


(ct+x) gives a wave moving in the direction of negative x. 


There are several equivalent expressions for y = f(ct— x) which we list here as 
sine functions, although cosine functions are equally valid. 
They are: 


2 
y =a sin —(ct— x). 
A 
y=asin 2n{ vt-~) 
A 


a sin (: *) 
= W@W —— 
y Cc 


y =a sin (at — kx) 
where k=27/A=o/c is called the wave number; also y=a ee“ ™ 
exponential representation of both sine and cosine. 

Each of the expressions above is a solution to the wave equation giving the 
displacement of an oscillator and its phase with respect to some reference 
oscillator. The changes of the displacements of the oscillators and the propaga- 
tion of their phases are what we observe as wave motion. 

The wave or phase velocity is, of course, dx/dt, the rate at which the 
disturbance moves across the oscillators; the oscillator or particle velocity is the 
simple harmonic velocity dy/dt. 

Choosing any one of the expressions above for a noe going wave, e.g. 


, the 


y =a sin (wt — kx) 
we have 


= wa cos (wt — kx) 
Ot 
and 


— =-—ka cos (wt — kx) 
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so that 
ay 5 w= ad sien 
ot k ax Ox ot ax 
The particle velocity dy/dt is therefore given as the product of the wave velocity 
Ox 
c=— 
ot 


and the gradient of the wave profile preceded by a negative sign for a right 
going wave 


y =f(ct—x) 


veer ith f 
78 a Ki IN Ae. 


Fig. 4.5. The magnitude and direction of the particle velocity 
dy/dt =—c(dy/dx) at any point x is shown by an arrow in the 
right-going sine wave above 


In fig. 4.5 the arrows show the direction of the particle velocity at various 
points of the right going wave. It is evident that the particle velocity increases in 
the same direction as the transverse force in the wave and we shall see in the 
next section that this force is given by 


—Tody/ox 


where T is the tension in the string. 


(Problem 4.3) 
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Characteristic Impedance of a String (the string as a forced oscillator) 


Any medium through which waves propagate will present an impedance to 
those waves. If the medium is lossless, and possesses no resistive or dissipation 
mechanism, this impedance will be determined by the two energy storing 
parameters, inertia and elasticity, and it will be real. The presence of a loss 
mechanism will introduce a complex term into the impedance. 

A string presents such an impedance to progressive waves and this is defined, 
because of the nature of the waves, as the transverse impedance 


_ transverse force  F 
transverse velocity v 


The following analysis will emphasize the dual role of the string as a medium 
and as a forced oscillator. 


Fe 
0 
a 
6 : A 
r 
iwt 
fe =-7 sin @ 


Fig. 4.6. The string as a forced oscillator 
with a vertical force Fye”’ driving it at one 
end 


In fig. 4.6 we consider progressive waves on the string which are generated at 
one end by an oscillating force, Foe“, which is restricted to the direction 
transverse to the string and operates only in the plane of the paper. The tension 
in the string has a constant value, 7; and at the end of the string the balance of 
forces shows that the applied force is equal and opposite to T sin@ all the time, 
so that 

oy 


Fo e'’ =—T sin 6 ~—T tan 9--1(2) 
Ox 


where @ is small. 
The displacement of the progressive waves may be represented exponen- 
tially by 
y we A gee) 
where the amplitude A may be complex because of its phase relation with F. At 
the end of the string, where x = 0, 


: 3 ie 
Fo em =-T (2) oar 
x=0 
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giving 
= 70 =70(£) 
ikT iw\T 
and 
==*(£) i(wt—kx) 
en Sy 


(since c= w/k). 
The transverse velocity 


v=y= F<) eilwrkx) 


where the velocity amplitude v = Fo/Z, gives a transverse impedance 
i a 
Z=—=pc (since T= pc’) 
C 


or Characteristic Impedance of the string. 

Since the velocity c is determined by the inertia and the elasticity, the 
impedance is also governed by these properties. 

(We can see that the amplitude of displacement y = Fo/wZ, with the phase 
relationship —i with respect to the force, is in complete accord with our 
discussion in Chapter 2.) 


Reflexion and Transmission of Waves on a String at a Boundary 


We have seen that a string presents a characteristic impedance pc to waves 
travelling along it, and we ask how the waves will respond to a sudden change of 
impedance, that is, of the value pc. We shall ask this question of all the waves we 
discuss, acoustic waves, voltage and current waves and electromagnetic waves, 
and we shall find a remarkably consistent pattern in their behaviour. 

We suppose that a string consists of two sections smoothly joined at a point 
with a constant tension T along the whole string. The two sections have 
different linear densities p,; and p2, and therefore different wave velocities 
T/pi= ci and T/p.= c5. The specific impedances are p;c; and p2c2 respec- 
tively. 7 
An incident wave travelling along the string meets the discontinuity in 
impedance at the position x = 0 in fig. 4.7. At this position, x = 0, a part of the 
incident wave will be reflected and part of it will be transmitted into the region 
of impedance p2c2. 

We shall denote the impedance pc; by Z; and the impedance pzcz by Z2. We 
write the displacement of the incident wave as y; = A eo") 4 wave of real 
(not complex) amplitude A, travelling in the positive x-direction with velocity 
C,. The displacement of the reflected wave is y, = B, c=. = amplitude B, 
and travelling in the negative x-direction with velocity cy. 
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Transmitted wave 


Incident wave a 


Reflected wave 


x=0O 


Fig. 4.7. Waves on a string of impe- 

dance p;c, reflected and transmitted 

at the boundary where the string 
changes to impedance p2c2 


The transmitted wave displacement is given by y,= Ae” *’, of amp- 
litude A, and travelling in the positive x-direction with velocity c>. 

We wish to find the reflexion and transmission amplitude coefficients, that is, 
the relative values of B; and A> with respect to A,;. We find these via two 
boundary conditions which must be satisfied at the impedance discontinuity at 
x=0. 

The boundary conditions are: 

(1) A geometrical condition that the displacement is the same immediately 
to the left and right of x =O for all time, so that there is no discontinuity of 
displacement. 

(2) A dynamical condition that there is a continuity of the transverse force 
T(dy/dx) at x =O, and therefore a continuous gradient. This must hold, 
otherwise a finite difference in the force acts on an infinitesimally small mass of 
the string giving an infinite acceleration; this is not permitted. 

Condition (1) gives 

Yj - yr = Yt 
or 
Ad <8, eilertk, x) =A, eilot—k2x) 
At x =0 we may cancel the exponential terms giving — 3 
Ai+B,=A, (4.1) 
Condition (2) gives 
) ) 
T— —s OF T— 
5s a ae 
at x =O for all & so that 
= TA, - k, TB, = —k,TA> 


OT 


FE T T 
—w—A,+a—B,=—-w—A, 
Cj Ci C2 
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after cancelling exponentials at x = 0. But T/c, = pic, = Z; and T/cz = p2c2 = 
Z>, sO that 


Z\(A;— Bi) = Z,A2 (4.2) 


Infinite 


Reflexion of pulse having many Impedance 


frequency components 


Reflected 


Fig. 4.8. A pulse or group of waves composed of many 
frequency components is reflected at an infinite impe- 
dance. Each component is perfectly reflected with a phase 
change of a radians, so that the reflected pulse is the 
inverted and reversed shape of the initial waveform. The 
pulse at reflexion is divided in the figure into three sec- 
tions A, B, and C. At the moment of observation section 
C has already been reflected and suffered inversion and 
reversal to become C’. The actual shape of the pulse 
observed at this instant is A being A+B+C’ where 
B=C. The displacement at the point of reflexion must be 
zero. The reversed and inverted section A’+B‘' corres- 
ponds to the unreflected portion A+B and will progress 
in the negative x-direction beyond the boundary as A and 
B are reflected 


Equations (4.1) and (4.2) give the 


Bi #9 
R t litude, 
eflexion coefficient of amplitude — £4 


and the 


i 22 


Transmission coefficient of amplitude, — = 
it | TOO oF. 


We see immediately that these coefficients are independent of w and hold for 
waves of all frequencies; they are real and therefore free from phase changes 
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other than that of a radians which will change the sign of a term. Moreover 
these ratios depend entirely upon the ratios of the impedances. (See summary 
on page 412). If Z, = ©, this is equivalent to x = 0 being a fixed end to the string 
because no transmitted wave exists. This gives B,/A,=-—1, so that the incident 
wave is completely reflected (as we expect) with a phase change of a (phase 
reversal)—conditions we shall find to be necessary for standing waves to exist. 
A group of waves having many component frequencies will retain its shape 
upon reflection at Z,=© but will suffer reversal (fig. 4.8). If Z,=0, so that 
x =O is a free end of the string, then B,/A,=1 and A,/Aj,=2. This explains 
the ‘flick’ at the end of a whip or free ended string when a wave reaches it. 


(Problems 4.4, 4.5, 4.6) 


Reflexion and Transmission of Energy 


Our interest in waves, however, is chiefly concerned with their function of 
transferring energy throughout a medium, and we shall now consider what 
happens to the energy in a wave when it meets a boundary between two media 
of different impedance values. 

If we consider each unit length, mass p, of the string as a simple harmonic 
oscillator of maximum amplitude A, we know that its total energy will be 
E=+pw A’, where w is the wave frequency. 

The wave is travelling at a velocity c so that as each unit length of string takes 
up its oscillation with the passage of the wave the rate at which energy is being 
carried along the string is 


(energy X velocity) =3pw~ Ac 


Thus the rate of energy arriving at the boundary x = 0 is the energy arriving 
with the incident wave, that is 


2p1c1@ Aj =3Z\w Ay 
The rate at which energy leaves the boundary, via the reflected and transmitted 
waves, 1S | 
2p\c,@ Bi +3p2e2.0° A> = Zw Bi +7Z,w A} 
which, from the ratios B,/A, and A>/Ay,, 


Z\(Z,—Z2)°+4ZiZ._ > 3 
(Z,;+Z>)° —— 


' a5 
=70 Aj 


Thus energy is conserved, and all energy arriving at the boundary in the 
incident wave leaves the boundary in the reflected and transmitted waves. 
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The Reflected and Transmitted Intensity Coefficients 
These are given by 
Reflected Energy _ Z,Bi = (By: i (= _ =) 3 
Incident Energy ae 22S Ay/ ZutZi 


Transmitted Energy _ A — 42Z,Z5 
Incident Energy 2m Te +Z,)° 


We see that if Z; = Z>, no energy is reflected and the impedances are said io be 
matched. 


(Problems 4.7, 4.8) 


The Matching of Impedances 


Impedance matching represents a very important practical problem in the 
transfer of energy. Long distance cables carrying energy must be accurately 
matched at all joints to avoid wastage from energy reflection. The power 
transfer from any generator is a maximum when the load matches the generator 
impedance. A loudspeaker is matched to the impedance of the power output of 
an amplifier by choosing the correct turns ratio on the coupling transformer. 
This last example, the insertion of a coupling element between two mismatched 
impedances, is of fundamental importance with applications in many branches 
of engineering physics and optics. We shall illustrate it using waves on a string, 
but the results will be valid for all wave systems. 

We have seen that when a smooth joint exists between two strings of 
different impedances, energy will be reflected at the boundary. We are now 
going to see that the insertion of a particular length of another string between 
these two mismatched strings will allow us to eliminate energy reflection and 
match the impedances. 

In fig. 4.9 we require to match the impedances Z; = pic, and Z;3 = p3c3 by the 
smooth insertion of a string of length / and impedance Z, = p2c2. Our problem 
is to find the values of / and 25. 

The incident, reflected and transmitted displacements at the junctions x = 0 

and x =/ are shown in fig. 4.9 and we seek to make the ratio 


Transmitted energy _ Z3A3 
Incident energy Bes ee 


equal to unity. 
The boundary conditions are that y and T(dy/dx) are continuous across the 
junctions x =0 and x = 1. 
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Fig. 4.9. The impedances Z, and Z; of two strings are matched 

by the insertion of a length / of a string of impedance Z,. The 

incident and reflected waves are shown for the boundaries x = 0 

and x =/. The impedances are matched when Z3=Z,Z; and 
|! =A/4in Z>, results which are true for waves in all media 


Between Z, and Z, the continuity of y gives 
A, cit 4B eietta®) — 4 eileen) 4 B, eilete®) 
Or 
A,+B,=A,+B, (atx =0) (4.3) 
Similarly the continuity of T(dy/dx) at x =0 gives 
T(—ik ,A, +1k,B,) = T(—ik,A, +ik,B,) 


Dividing this equation by w and remembering that T(k/w) = T/c = pc = Z we 
have | 


Z (A; —B,) = Z,(A>— B,) (4.4) 
Similarly at x =/, the continuity of y gives 
A,e “7! +B, e"? =A; (4.5) 
and the continuity of T(dy/dx) gives 
Z,(A2 e “2! — Bye) = Z3A, (4.6) 


From the four boundary equations (4.3), (4.4), (4.5) and (4.6) we require the 
ratio A,/A,. We use equations (4.3) and (4.4) to eliminate B, and obtain A, in 
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terms of A, and B>. We then use equations (4.5) and (4.6) to obtain both A, 
and B, in terms of A;. Equations (4.3) and (4.4) give 


Z (A; — A, — B+ A;) = Z2(A> — B2) 


or 
+1)+B oy 
A.2 Ad(ri2 : (r12 ) (4.7) 
r\2 
where 
ss 
12 Z 
Equations (4.5) and (4.6) give 
= 1 A, eX! 
2173 
and (4.8) 
B= r3—1 AS en ikal 
213 
where 
2 
23 Z. 


Equations (4.7) and (4.8) give 


A,= As [ria + 1)(123 + 1) 2! +. (ry>—-1)(rr3-1)e “J 
Ariors3 


A =i i Ss 
= 31 (r,54+ 1)(e2! +e) + (12 + 123)(e"2! -e ™')] 


4ri3 
A; 
5 tae 1) COS kol+i(ryo+ r>3) sin k>1] 
13 
where 
| ae a Z. =F 13 
Hence 
Ee etme pon wee 
Ai (r13 + 1)? cos” kal 3 9 (r12 + ra¥ sin? kal 
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or 


transmitted energy 2; A3 oe = A; 
incident energy Z) A; r13 As 


es 4ri3 
(r13 ts 1)? cos” kal so (r12 +13)" sin? kal 


If we choose | = A2/4, cos k,l =0 and sin k2l = 1 giving 


2a As ce . Mis 2 
Zi Aj (rig+123)° 


when 


Fis = F235 


that is, when 


oy. 
==> or Q=vV2Z,2 
_ z 2 13 

We see, therefore, that if the impedance of the coupling medium is the 
harmonic mean of the two impedances to be matched and the thickness of the 
coupling medium is 

A> 27 
— where A,=— 
4 a = 
all the energy at frequency w will be transmitted with zero reflection. 

The thickness of the dielectric coating of optical lenses which eliminates 
reflections as light passes from air into glass is one quarter of a wavelength. The 
“bloomed” appearance arises because exact matching occurs at only one 
frequency. Transmission lines are matched to loads by inserting quarter 
wavelength stubs of lines with the appropriate impedance. 


(Problems 4.9, 4.10) 


Standing Waves on a String of Fixed Length 


We have already seen that a progressive wave is completely reflected at an 
infinite impedance with a 7 phase change in amplitude. A string of fixed length 
! with both ends rigidly clamped presents an infinite impedance at each end; we 
now investigate the behaviour of waves on such a string. Let us consider the 
simplest case of amonochromatic wave of one frequency w with an amplitude a 
travelling in the positive x-direction and an amplitude Db travelling in the 
negative x-direction. The displacement on the string at any point would then 
be given by 

y=a plat. 5, pilottkx) 


with the boundary condition that y = 0 at x =0 and x =/ at all times. 
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The condition y = Oat x =0 gives 0=(a+b) e for all t, so that a = —b. This 
expresses physically the fact that a wave in either direction meeting the infinite 
impedance at either end is completely reflected with a m phase change in 
amplitude. This is a general result for all wave shapes and frequencies. 

Thus 

y=ae"(e '*—e'™) =(-2i)a e' sin kx (4.9) 
an expression for y which satisfies the standing wave time independent form of 
the wave equation 


a y/ax* +k7y =0 
because (1/c’)(a’y/at?) = (<a fey = —k’y. The condition that y =0 at x =/ 
for all t requires 


. al 
sin kl=sin—=0O or —=n”T 
c 


limiting the values of allowed frequencies to 


NTC 
j= — 
l 
or 
a 
“— 3a 
that is 
nA 
| =— 
2 
giving 


ks, Sex 
=s 


l 


sin 


These frequencies are the normal frequencies or modes of vibration we first 
met in Chapter 3. They are often called eigenfrequencies, particularly in wave 
mechanics. 

Such allowed frequencies define the length of the string as an exact number 
of half wavelengths, and fig. 4.10 shows the string displacement for the first four 
harmonics (n = 1, 2, 3, 4). The value for n = 1 is called the fundamental. 


Fig. 4.10. The first four harmonics, n = 1,2,3,4 of the 
standing waves allowed between the two fixed ends of a 
string 
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As with the loaded string of Chapter 3, all normal modes may be present at 
the same time and the general displacement is the superposition of the 
displacements at each frequency. This is a more complicated problem which we 
discuss in Chapter 9 (Fourier Methods). 

For the moment we see that for n >1 there will be a number of positions 
along the string which are always at rest. These points occur where 

gk -ce HT 
sin—— = sin— = 0 
C l 
or 


—-=rqr en SS See eee 8 


The values r=0 and r=n give x =O and x =1, the ends of the string, but 
between the ends there are n — 1 positions equally spaced along the string in the 
nth harmonic where the displacement is always zero. These positions are called 
nodes or nodal points, being the positions of zero motion in a system of standing 
waves. Standing waves arise from the superposition of wave systems travelling 
in opposite directions. If the amplitudes of these progressive waves are equal 
and opposite (resulting from complete reflexion), nodal points will exist. Often, 
however, the reflexion is not quite complete and the waves in the opposite 
direction do not cancel each other to give complete nodal points. In this case we 
speak of a standing wave ratio which we shall discuss in the next section but 
one. 

Whenever nodal points exist, however, we know that the waves travelling in 
opposite directions are exactly equal in all respects so that the energy carried in 
one direction is exactly equal to that carried in the other. This means that the 
total energy flux, that is, the energy carried across unit area per second in a 
standing wave system, is zero. 

Returning to equation (4.9), we see that the complete expression for the 
displacement of the nth harmonic is given by 


Yn = 2a(—i)(COS w,,f +isin w,t) sin 
We can express this in the form 

Yn =(A,, COs w, t+ B,, sin w,,t) sin (4.10) 
where the amplitude of the nth mode is given by (A; +B ay 2g 
(Problem 4.11) 


Energy of a Vibrating String 


A vibrating string possesses both kinetic and potential energy. The kinetic 
energy of an element of length dx and linear density p is given by 3p dx y~; the 
total kinetic energy is the integral of this along the length of the string. 
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Thus 
l 
Be — s| py dx 
0 


The potential energy is the work done by the tension T in extending an element 
dx to a new length ds when the string is vibrating. 


Thus 
Epot = | T(ds ax) = [rif + (2 ] = 1] dx 


if we neglect higher powers of dy/dx. 

Now the change in the length of the element dx is 5(dy/ax)* dx, and if the 
string is elastic the change in tension is proportional to the change in length so 
that, provided (dy/dx) in the wave is of the first order of small quantities, the 
change in tension is of the second order and T may be considered constant. 


Energy in each Normal Mode of a Vibrating String 


The total displacement y in the string is the superposition of the displacements 
y, Of the individual harmonics and we can find the energy in each harmonic by 
replacing y, for y in the results of the last section. Thus the kinetic energy in the 
nth harmonic is 
l 
E,, (kinetic) = i| py, dx 
0 


and the potential energy is 
l J z 
E, (potential) = 3T| (<2) dx 
0 Ox 


Since we have already shown for standing waves that 


) 2 tak 
Yn =(A,, COS w,t+B,, sin @,t) sin 
c 


then 
ex 
Yn =(—A,@, SiN w,t+B,@, COS w,t) sin — 
c 
and 
OYn Wy ; Wp,X 
pte An cos w,t+B,, sin w,t) cos — 
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Thus 
l 


sv Ss a 
E, (kinetic) =4pw;[—A,, sin w,,t+B,, cos ont? | sin’ — dx 
0 Cc 


and 


2 
E,, (potential) = 2T SIA, cos w,t+B,, sin w,t} | cos’ iy 
re) Cc 
Remembering that T= pc’ we have 
E,, (kinetic + potential) = jplw *(A-+B?) 
=4mw,(A,+ Br) 
where m is the mass of the string and (A2+ B72) is the square of the maximum 
displacement (amplitude) of the mode. To find the exact value of the total 
energy E,, of the mode we would need to know the precise values of A, and B,, 


and we shall evaluate these in Chapter 9 on Fourier Methods. The total energy 
of the vibrating string is, of course, the sum of all the E,,’s of the normal modes. 


(Problem 4.12) 


Standing Wave Ratio 


When a wave is completely reflected the superposition of the incident and 
reflected amplitudes will give nodal points (zero amplitude) where the incident 
and reflected amplitudes cancel each other, and points of maximum displace- 
ment equal to twice the incident amplitude where they reinforce. 

If a progressive wave system is partially reflected from a boundary let the 
amplitude reflexion coefficient B,;/A, of the earlier section be written as r, 
where r< 1. 

The maximum amplitude at reinforcement is then A,+B,; the minimum 
amplitude is given by A; —B,. In this case the ratio of maximum to minimum 
amplitudes in the standing wave system is called the 


2. i+r 
A,—B, i=? 


Standing Wave Ratio = 


where r= B,/A\. 


Measuring the values of the maximum and minimum amplitudes gives the 
value of the reflexion coefficient for 


SWR-1 


Pastas meee a 


where SWR refers to the Standing Wave Ratio. 


(Problem 4.13) 
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Wave Groups and Group Velocity 


Our discussion so far has been limited to monochromatic waves—waves of a 
single frequency and wavelength. It is much more common for waves to occur 
as a mixture of a number or group of component frequencies; white light, for 
instance, is composed of a continuous visible wavelength spectrum extending 
from about 3000 A in the blue to 7000 A in the red. Examining the behaviour 
of such a group leads to the third kind of velocity mentioned at the beginning of 
this chapter, that is, the group velocity. 


Superposition of Two Waves of almost Equal Frequencies 


We begin by considering a group which consists of two components of equal 
amplitude a but frequencies w, and w2 which differ by a small amount. 
Their separate displacements are given by 


y;—a COS (wit— k1x) 
and 
V2 = 4 COS (Wot — kx) 


Superposition of amplitude and phase gives 


oe i —@2)t (ki- a = ‘ +@2)t (kit co 
yy 7 7 7 7 
a wave system with a frequency (w,; + @)/2 which is very close to the frequency 
of either component but with a maximum amplitude of 2a, modulated in space 
and time by a very slowly varying envelope of frequency (w; — w2)/2 and wave 
number (k,—k->)/2. 

This system is shown in fig. 4.11 and shows, of course, a behaviour similar to 
that of the equivalent coupled oscillators in Chapter 3. The velocity of the new 
wave is (w;—w>)/(k;—k»2) which, if the phase velocities w;/k;=w2/k2=c, 
gives 

te ae (ki — ka) _ 


k,—k» k,—k, 


so that the component frequencies and their superposition, or group will travel 
with the same velocity, the profile of their combination in fig. 4.11 remaining 
constant. 

If the waves are sound waves the intensity is a maximum whenever the 
amplitude is a maximum of 2a; this occurs twice for every period of the 
modulating frequency, that is, at a frequency v;— v2. 

The beats of maximum intensity fluctuations thus have a frequency equal to 
the difference v;—v, of the components. In the example here where the 
components have equal amplitudes a, superposition will produce an amplitude 
which varies between 2a and 0; this is called complete or 100% modulation. 


Transverse Wave Motion 123 


Envelope of 
frequency “4 “2 
2 


20 


Oscillation of 
wrt w 


frequency “1” “2 
2 


Fig. 4.11. The superposition of two 
waves of slightly different frequency 
w, and w, forms a group. The faster 
oscillation occurs at the average fre- 
quency of the two components (w; + 
- @ )/2 and the slowly varying group 
envelope has a frequency (w,;— 
w>)/2, half the frequency difference 
between the components 


More generally an amplitude modulated wave may be represented by 
y =A cos (wt — kx) 
where the modulated amplitude 
A=atbcosw't 
This gives 


y =a cos (wt — kx) +5{c0s (w+w')t—kx]+ [cos (w—w’)t—kx]} 


so that here amplitude modulation has introduced two new frequencies w + w’, 
known as combination tones or sidebands. Amplitude modulation of a carrier 
frequency is a common form of radio transmission, but its generation of 
sidebands has led to the crowding of radio frequencies and interference 
between stations. 


Wave Groups and Group Velocity 


Suppose now that the two frequency components of the last section have 
different phase velocities so that w,/k, # w2/k. The velocity of the maximum 
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amplitude of the group, that is, the group velocity 

ot ed 

k,—k. Ak 
is now different from each of these velocities; the superposition of the two 


waves will no longer remain constant and the group profile will change with 
time. | 


A medium in which the phase velocity is frequency dependent (w/k not 
constant) is known as a dispersive medium and a dispersion relation expresses 
the variation of w as a function of k. If a group contains a number of 
components of frequencies which are nearly equal the original expression for 
the group velocity is written 


Aw _ de 
Ak dk 
The group velocity is that of the maximum amplitude of the group so that it is 


the velocity with which the energy in the group is transmitted. Since w = kv, 
where v is the phase velocity, the group velocity 


as? a dv 
SR ne ae Je 
eH ap ag aR te 
PE aan 

da 


where k =277/A. 
Usually dv/da is positive, so that v, <v. This is called normal dispersion, but 
anomalous dispersion can arise when dv/da is negative, so that v, > v. 

We shall see when we discuss electromagnetic waves that an electrical 
conductor is anomalously dispersive to these waves whilst a dielectric is 
normally dispersive except at the natural resonant frequencies of its atoms. In 
the chapter on forced oscillations we saw that the wave then acted as a driving 
force upon the atomic oscillators and that strong absorption of the wave energy 
was represented by the dissipation fraction of the oscillator impedance, whilst 
the anomalous dispersion curve followed the value of the reactive part of the 
impedance. 

The three curves of fig. 4.12 represent 

(a) a non-dispersive medium where w/k is constant, so that v, =v, for 
instance free space behaviour towards light waves. 

(b) a normal dispersion relation v, < v. 

(c) an anomalous dispersion relation v, > v. 


Example. The electric vector of an electromagnetic wave propagates in a 
dielectric with a velocity v =(ye) '/* where p is the permeability and € is the 
permittivity. In free space the velocity is that of light, c =(jo€o) *. The 
refractive index n =c/v =V pe/Woeo = Vu €,, Where pw, = w/o and €, = €/€p. 
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VY >Y anomalous 
(c) dispersion 


(a) y =¥ no dispersion 


w (hk) 


(b) Y<V_— normal 
dispersion 


Fig. 4.12. Curves illustrating dispersion 

relations: (a) a straight line representing 

a non-dispersive medium, v = v,; (b) a 

normal dispersion relation where the 

gradient v =w/k >v, =dw/dk; (c) an 

anomalous dispersion relation where 
V< Ug 


Refractive ae 


\ 
/ \ Absorption 
\ curve 


Fig. 4.13. Anomalous dispersion 
showing the behaviour of the refrac- 
tive index n=Ve, versus w and A, 
where w is a resonant frequency of 
the atoms of the medium. The 
absorption in such a region is also 
shown by the dotted line 
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For many substances p, is constant and ~1, but e, is frequency dependent, so 
that v depends on A. 
The group velocity 


A 0€, 
=v- =v{ 1+ 
vg =v—Adv/da of 1 Je. ~) 


so that v, > v (anomalous dispersion) when de,/dA is +ve. Fig. 4.13 shows the 
behaviour of the refractive index n = Ve, versus w, the frequency, and A, the 
wavelength, in the region of anomalous dispersion associated with a resonant 
frequency. The dotted curve shows the energy absorption (compare this with 
fig. 2.9). 


(Problems 4.14, 4.15, 4.16, 4.17, 4.18, 4.19) 


Wave Group of Many Components. The Bandwidth Theorem 


We have so far considered wave groups having only two frequency compo- 
nents. We may easily extend this to the case of a group of many frequency 
components, each of amplitude a, lying within the narrow frequency range Aw. 

We have already covered the essential physics of this problem on page 20, 
where we found the sum of the series 


nt 
R= Y¥ acos(at+né) 
0 


where 6 was the constant phase difference between successive components. 
Here we are concerned with the constant phase difference (5w)t which results 
from a constant frequency difference dw between successive components. The 
frequency spectrum of this group is shown in fig. 4.14a and we wish to follow its 
behaviour with time. 

We seek the amplitude which results from the superposition of the frequency 
components and write it 


R=acOS wit+a cos (w; + dw )t +a cos (w,+2dw)t+... 
+a cos[w,+(n—1)(6)|t 
The result is given on page 21 by 


_ _sin[n(d)t/2] 
- Sint Gove 


wt 


where the average frequency in the pulse is 


© = w,+3(n—1)(6a) 
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Now n(é@) = Aw, the pulse width, so the behaviour of the resultant R with time 
may be written 


R(t)= gs) cos wt =na ——— COs wt 
sin (Aw.t/n2) Aw.t/2 
when n is large, 
or 
R(t)= A = cos Gt 


where A = na and a = Aw.t/2 is half the phase difference between the first and 
last components at time f. 


(a) Ses ae Se = 


Og 
Ww 
w, WwW —_ te 
Sw 
ee Aw 
t=O 
(b) % 
A(t See, Awt 
Sf % sin 2 
2A ; AT Bet 
Sut 
R(t): <4-------- +At-} | 2 
half width --~ / \ Qn 
= = = 
of maximum / ‘ | 3 A 
- Nn Z \ 7 m5 2 = a 
Ss <WLZ : ; = ig _ 
\ 
\ 
: / 
\ / 
: cos w ¢ 


Fig. 4.14. (a) A rectangular wave pulse of width Aw having n 

components of amplitude a with a common frequency difference 

dw. (b) Representation of the pulse on a time axis is a cosine curve at 

the average frequency @, amplitude modulated by a sin a/a curve 

where a = Aw.t/2. After a time t = 277/Aw the superposition of the 
components gives a zero amplitude 


This expression gives us the time behaviour of the pulse and is displayed on a 
time axis in fig. 4.14b. We see that the amplitude R(t) is given by the cosine 
curve of the average frequency @ modified by the A sin a/a term. 

At t=0, sina/a—>1 and all the components superpose with zero phase 
difference to give the maximum amplitude R(t)=A=na. After some time 
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interval At when 


_ Aw At | 
2 


Q T 


the phases between the frequency components are such that the resulting 
amplitude R(t) is zero. 

The time At which is a measure of the width of the central pulse of fig. 4.14b 
is therefore given by 


Aw At _ 
2 


IT 


or Av At=1 where Aw =27 Av. 

The true width of the base of the central pulse is 2Ar but the interval At is 
taken as an arbitrary measure of time, centred about t = 0, during which the 
amplitude R(t) remains significantly large (> A/2). With this arbitrary defini- 
tion the exact expression 


Av At=1 
becomes the approximation 
Av At~1 or (Aw At=27) 


and this approximation is known as the Bandwidth Theorem. 

It states that the components of pulse of width Aw in the frequency range will 
superpose to produce a significant amplitude R(t) only for a time At before the 
pulse decays from random phase differences. The greater the range Aw the 
shorter the period At. 

Alternatively, the theorem states that a single pulse of time duration At is the 
result of the superposition of frequency components over the range Aw; the 
shorter the period At of the pulse the wider the range Aw of the frequencies 
required to represent it. 

When Aa is zero we have a single frequency, the monochromatic wave which 
is therefore required (in theory) to have an infinitely long time span. 

We have chosen to express our wave group in the two parameters of 
frequency and time (having a product of zero dimensions), but we may just as 
easily work in the other pair of parameters wave number k and distance x. 

Replacing w by k and t by x would define the length of the wave group as Ax 
in terms of the range of component wavelengths A(1/A). 

The Bandwidth Theorem then becomes 


Ax Ak =27 
OT 
AxA(1/A)~1 ie. Ax ~A7/AA 


Note again that a monochromatic wave with Ak = 0 requires Ax > 00 that is, an 
infinitely long wavetrain. 
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In the wave group we have just considered the problem has been simplified 
by assuming all frequency components to have the same amplitude a. When 
this is not the case, the different values a(w) are treated by Fourier methods as 
we shall see in Chapter 9. 

We shall meet the ideas of this section several times in the course of this text, 
noting particularly that in modern physics the Bandwidth Theorem becomes 
Heisenberg’s Uncertainty Principle. 


(Problem 4.20) 


Transverse Waves in a Periodic Structure 


At the end of the chapter on coupled oscillations we discussed the normal 
transverse vibrations of n equal masses of separation a along a light string of 
length (n + 1)a under a tension T with both ends fixed. The equation of motion 
of the rth particle was found to be 


a? 
my, Sra i —1 = Zi. 


and for n masses the frequencies of the normal modes of vibration were given 


by 
> ( S17 
w.,=——| 1-—cos 
a +1 
where s = 1, 2, 3,...n. When the separation a becomes infinitesimally small 


(=dx, say) the term in the equation of motion 


1 1 
qtyrt! = Vr-1 =29,) FG rt + Vr-1 = iN. 


_(rt1— Ye) Orr) _ (2) (22) -(2) 
So tae Seer not mane. Fe 
dx dx OX/,41/2 OX/,-1/2 ox” /, 


so that the equation of motion becomes 


the wave equation, where p = m/dx, the linear density and 


y ee eis 
We are now going to consider the propagation of transverse waves along a 
linear array of atoms, mass m, in a crystal lattice where the tension T now 
represents the elastic force between the atoms (so that T/a is the stiffness) and 
a, the separation between the atoms, is about 1A or 10 '°m. When the 
clamped ends of the string are replaced by the ends of the crystal we can express 
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the displacement of the rth particle due to the transverse waves as 
_= A, oo set A, oe 
since x = ra. The equation of motion then becomes 
ika 


- = 
—w'm —— +e %*—2) 


J (_ikal2 _ g-ika/2y2 82.38 
a 


giving the permitted frequencies 


This expression for w~ is equivalent to our earlier value at the end of Chapter 3: 


2 —( =) 4T 3 S7T 
wo, =—| 1—cos——_ ] = —_ sin” ———— 
ma n+ ma 2(n +1) 
if 
ka _ S71 
2 2(n+1) 


where §= 1.2. 3....% 

But (n+1)a=lI, the length of the string or crystal, and we have seen that 
wavelengths A are allowed where pA/2=1=(n+1)a. 

Thus 


ka 27 


_ TA SAT _S 7a 


a 
e 29 5 —An+la p A 


if s=p. When s =p, a unit change in s corresponds to a change from one 
allowed number of half wavelengths to the next so that the minimum 
wavelength is A = 2a, giving a maximum frequency w,,=4T7T/ma. Thus both 
expressions may be considered equivalent. 

When A = 2a, sin ka/2=1 because ka = 7, and neighbouring atoms are 
exactly 7 radians out of phase because 


oa 


Vr+1 


The highest frequency is thus associated with maximum coupling, as we expect. 
For long wavelengths or low values of the wave number k, sin ka/2 > ka/2 so 
that 
, 1 4P ke 
C1 emai ae 
ma 4 
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and the velocity of the wave is given by 


as before, where p = m/a. 
In general the phase velocity is given by 


@_ E S| 


- & 1 kaf2 


a dispersion relation which is shown in fig. 4.15. Only at very short wave- 
lengths does the atomic spacing of the crystal structure affect the wave 
propagation, and here the limiting or maximum value of the wave number 
k,=a2/a=10' mm. 


Fig. 4.15. The dispersion relation w(k) versus k for 
waves travelling along a linear one-dimensional 
array of atoms in a periodic structure 


The elastic force constant T/a for a crystal is about 15 newtons metre '; a 
typical ‘reduced’ atomic mass is about 60x 10°’ kg. These values give a 
maximum frequency 


Pee. ¥ 2 60 27 2 
WwW sae Oe 2 10 (rad/s) 
that is, a frequency v ~5 x 10’* Hertz. 

(Note that the value of T/a used here for the crystal is a factor of 8 lower than 
that found in problem 3.4 for a single molecule. This is due to the interaction 
between neighbouring ions and the change in their equilibrium separation.) 

This frequency is in the infrared region of the electromagnetic spectrum. We 
shall see in a later chapter that electromagnetic waves of frequency w have a 
transverse electric field vector E= E,)e'”, where Ep is the maximum amp- 
litude, so that charged atoms or ions in a crystal lattice could respond as forced 
oscillators to radiation falling upon the crystal, which would absorb any 
radiation at the resonant frequency of its oscillating atoms. 
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Linear Array of Two Kinds of Atoms in an Ionic Crystal 


We continue the discussion of this problem using a one dimensional line 
which contains two kinds of atoms with separation a as before, those atoms of 
mass M occupying the odd numbered positions, 2r—1, 2r +1, etc., and those of 
mass m occupying the even numbered positions, 2r, 2r+2, etc. The 
equations of motion for each type are 


ss T 
MY>, = geet + V2r-1 a 2Y2,) 
and 
= -- ; 
My2,41= qty2rt2 op | ae 2 Y2r+1) 


with solutions 


i(wt— 2rk 
Ws; oa Av, ai rka) 


y> 1=Am Fi toca 
rs 


where A,, and Aj, are the amplitudes of the respective masses. 
The equations of motion thus become 


TAm, -i 2TA,, 
—w’mA,, a —— ika etka) — : 


and 


TA, —ika ika 2TA 
-o°MAy =—~(e wes S eee 


equations which are consistent when 


2 T(1,1).7/(L, 1) Asim ey 
“ “~a\m M/ al\m M mM 


Plotting the dispersion relation w versus k for the positive sign and m>M 
gives the upper curve of fig. 4.16 with 


iS Be | 
w= (=+—) for k=0 
a\m 
and 
ZL 
a ee for “x... =5- (minimum A = 4a) 
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Optical branch 
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Acoustical 
branch 
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Fig. 4.16. Dispersion rela- 

tions for the two modes of 

transverse oscillation in a 
crystal structure 


The negative sign gives the lower curve of fig. 4.16 with 


: -; 22 
ote for very small k 
and 
cm & 
w°=— for k=— 
am 2 
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The upper curve is called the ‘optical’ branch and the lower curve is known as 
the ‘acoustical’ branch. The motions of the two types of atom for each branch 


are shown in fig. 4.17. 


Optical mode 


Acoustical mode 


Fig. 4.17. The displacements of the 

different atomic species in the two 

modes of transverse oscillations in a 

crystal structure (a) the optical mode, 
and (b) the acoustic mode 
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In the optical branch for long wavelengths and small k, A,,/ Ay, = —M/m, 
and the atoms vibrate against each other, so that the centre of mass of the unit 
cell in the crystal remains fixed. This motion can be generated by the action of 
an electromagnetic wave when alternate atoms are ions of opposite charge; 
hence the name ‘optical branch’. In the acoustic branch, long wavelengths and 
small k give A,, = Ay, and the atoms and their centre of mass move together 
(as in longitudinal sound waves). We shall see in the next chapter that the atoms 
may also vibrate in a longitudinal wave. 

The transverse waves we have just discussed are polarized in one plane; 
they may also vibrate in a plane perpendicular to the plane considered here. 
The vibrational energy of these two transverse waves, together with that 
of the longitudinal wave to be discussed in the next chapter, form the basis 
of the theory of the specific heats of solids, a topic to which we shall return in 
Chapter 8. 


Absorption of Infrared Radiation by Ionic Crystals 


Radiation of frequency 3X 10'* Hertz gives an infrared wavelength of 
100 microns (10 * m) and a wave number k = 217/Xr ~6. 10° m_'. We found the 
cut-off frequency in the crystal lattice to give a wave number k,,, ~ 10'° m ',so 
that the k value of infrared radiation is a negligible quantity relative to k,, and 
may be taken as zero. When the ions of opposite charge +e move under the 
influence of the electric field vector E = Eye” of electromagnetic radiation, 
the equations of motion (with k = 0) become 


omg | 
—w’mA,, =—(Am — Am) — eEo 
and 


27 
—w* MAy = ——(Am —A,,)+eE, 


which may be solved to give 


eEo —=—£ Eo 
Au, = d A, =— 
Mae m (wa—w°) 
where 
4 sie. 4 
@ ee a 
Z a\m M 


the low k limit of the optical branch. 

Thus when w = wo infrared radiation is strongly absorbed by ionic crystals 
and the ion amplitudes A,, and A,,, increase. Experimentally, sodium chloride 
is found to absorb strongly at A =61 microns; potassium chloride has an 
absorption maximum at A =71 microns. (Problem 4.21.) 
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Doppler Efiect 


In the absence of dispersion the velocity of waves sent out by a moving source is 
constant but the wavelength and frequency noted by a stationary observer are 
altered. 

In fig. 4.18 a stationary source S emits a signal of frequency v and 
wavelength A for a period ¢ so the distance to a stationary observer O is vAt. If 


vtx 


Fig. 4.18. If waves from a stationary source S are 
received by a stationary observer O at frequency v 
and wavelength A the frequency is observed as v’ and 
the wavelength as A’ at O if the source S’ moves 
during transmission. This is the Doppler effect 


the source S' moves towards O at a velocity u during the period t then O 
registers a new frequency v’. 


We see that 
vAt=ut+vdA't 
which, for 
C= pA = yh 
gives 
eae as e 
yp yp’ 
Hence 
5 VC 
"ees e 
c—u 


This observed change of frequency is called the Doppler Effect. 

Suppose that the source S is now stationary but that an observer O’ moves 
with a velocity v away from S. If we superimpose a velocity —v on observer, 
source and waves, we bring the observer to rest; the source now has a velocity 
—v and waves a velocity of c — v. 
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Using these values in the expression for v’ gives a new observed frequency 


i p(c—v) 


" 


Cc 


(Problems 4.22, 4.23, 4.24, 4.25, 4.26, 4.27, 4.28, 4.29, 4.30, 4.31) 


Problem 4.1 
Show that y = f,(ct+x) is a solution of the wave equation 
ot a 
dx? cot’ 
Problem 4.2 
Show that the wave profile, that is, 
y=f,(ct—x) 


remains unchanged with time when c is the wave velocity. To do this consider the 
expression for y at a time t+ At where At = Ax/c. 


Repeat the problem for y = f,(ct+x). 


Problem 4.3 

Show that 
dy dy 
et Boe pe! 
ot Ox 


for a left going wave drawing a diagram to show the particle velocities as in fig. 4.5 (note 
that c is a magnitude and does not change sign). 


Problem 4.4 

A triangular shaped pulse of length / is reflected at the fixed end of the string on which it 
travels (Z, = ©). Sketch the shape of the pulse (see fig. 4.8) after a length (a) 1/4 (b) //2 | 
(c) 31/4 and (d) | of the pulse has been reflected. 


Problem 4.5 


A point mass M is concentrated at a point on a string of characteristic impedance pc. A 
transverse wave of frequency w moves in the positive x direction and is partially 
reflected and transmitted at the mass. The boundary conditions are that the string 
displacements just to the left and right of the mass are equal (y;+ y, = y,) and that the 
difference between the transverse forces just to the left and right of the mass equal the 
mass times its acceleration. If A,, B, and A, are respectively the incident, reflected and 
transmitted wave amplitudes show that 


B,_ -iq ee 


A tee CN 


where gq = wM/2pc and i* = —1. 


Problem 4.6 
In problem 4.5, writing gq = tan 0, show that A, lags A, by @ and that B, lags A, by 
(17/2+ 0) for0<0< 7/2. 

Show also that the reflected and transmitted energy coefficients are represented by 
sin’ @ and cos’ 6 respectively. | 
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Problem 4.7 
If the wave on the string in fig. 4.6 propagates with a displacement 


y =a sin (wt — kx) 


Show that the average rate of working by the force (average value of transverse force 
times transverse velocity) equals the rate of energy transfer along the string. 


Problem 4.8 


A transverse harmonic force of peak value 0:3 Newtons and frequency 5 Hertz initiates 
waves at one end of a very long string of linear density 0-01 kg/metre. Show that the rate 
of energy transfer along the string is 37/20 watts and that the wave velocity is 30/7 
metres per sec. 


Problem 4.9 


In the figure, media of impedances Z, and 
Z, are separated by a medium of inter- 
mediate impedance Z,. A normally inci- 
dent wave in the first medium has unit 
amplitude and the reflection and transmis- 
sion coefficients for multiple reflections 
are shown. Show that the total reflected 
amplitude in medium 1 which is 


R+tTR'(14+rR'+r°R”...) 


is zero if R=-—R’ and show that this 
defines the condition 


Z3= 2,23 


(Note that for zero total reflection in 
medium 1, the first reflection R is cancel- 
led by the sum of all subsequent reflec- 
tions.) 


Problem 4.10 


The relation between the impedance Z and the refractive index n of a dielectric is given 
by Z = 1/n. Light travelling in free space enters a glass lens which has a refractive index 
of 1-5 for a free space wavelength of 5:5 x 10™’ metres. Show that reflections at this 
wavelength are avoided by a coating of refractive index 1-22 and thickness 1-12 x 
10°’ metres. 


Problem 4.11 
Prove that the displacement y, of the standing wave expression in equation (4.10) 
satisfies the time independent form of the wave equation 


ay 
—5+k’y =0. 
ax? 7 
Problem 4.12 

The total energy E,, of a normal mode may be found by an alternative method. Each 
section dx of the string is a simple harmonic oscillator with total energy equal to the 
maximum kinetic energy of oscillation 


a ea = 5p dx(Y>) max — 5p dxw7(yn)max 
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Now the value of (y2),nax at a point x on the string is given by 
(Vmax = (A+ Bz) sin? 
Show that the sum of the energies of the oscillators along the string, that is, the integral 
spo [ (Daan dx 
0 


gives the expected result. 


Problem 4.13 
The displacement of a wave on a string which is fixed at both ends is given by 
y(x, t)= A cos (wt—kx)+rA cos (wt+ kx) 


where r is the coefficient of amplitude reflection. Show that this may be expressed as the 
superposition of standing waves : 


y(x, t)= A(1+7r) cos wt cos kx + A(1—r) sin wt sin kx. 
Problem 4.14 


A wave group consists of two wavelengths A and A+AA where AA/A is very small. 
Show that the number of wavelengths A contained between two successive zeros of 

the modulating envelope is ~A/AA. 

Problem 4.15 

The phase velocity v of transverse waves in a crystal of atomic separation a is given by 

(a (ka/ =) 
c= 
(ka/2) 


where k is the wave number and c is constant. Show that the value of the group velocity 
iS 
ka 
cos 
2 


What is the limiting value of the group velocity for long wavelengths? 


Problem 4.16 
The dielectric constant of a gas at a wavelength A is given by 


a 


B 
€é.=—=A+—>-— Dna’ 
v A 


where A, B and D are constants, c is the velocity of light in free space and uv is its phase 
velocity. If the group velocity is V, show that 


V,€, = v(A —2Dx°*) 
Problem 4.17 


Problem 2.10 shows that the relative permittivity of an ionized gas is given by 
Cc? : 2 
o-Be1-(2 
v w 


where v is the phase velocity, c is the velocity of light and w, is the constant value of the 
electron plasma frequency. Show that this yields the dispersion relation w* = w2+c*k’, 
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and that as w > w, the phase velocity exceeds that of light, c, but that the group velocity 
(the velocity of energy transmission) is always less than c. 


Problem 4.18 
The electron plasma frequency of problem 4.17 is given by 
2 
ae ne 


M,€o 


Show that for an electron number density n, ~ 10°° (10° of an atmosphere), elec- 
tromagnetic waves must have wavelengths A <3 . 10 * m (in the microwave region) to 
propagate. These are typical wavelengths for probing thermonuclear plasmas at high 
temperatures. 


€) = 8-8 X10 '* farads/metre 
m, =9:1X10-*' kg 
e = 1-610 '’ coulombs 


Problem 4.19 


In wave mechanics the dispersion relation for an electron of velocity v = hk/m is given 
by w?/c?=k?+m’c’/h’, where c is the velocity of light, m is the electron mass 
(considered constant at a given velocity) h=h/27 and h is Planck’s constant. Show 
that the product of the group and particle velocities is c’. 


Problem 4.20 
The figure shows a pulse of length At given by y = A COs wot. 
Show that the frequency representation 


y(w) =a COS w,t+a cos (w,+6w)t... +a cos[w,+(n—1)(dw)It 


is centred on the average frequency w, and that the range of frequencies making 
significant contributions to the pulse satisfy the criterion 


Aw At=27 


Repeat this process for a pulse of length Ax with y = A cos kyx to show that in k space 
the pulse is centred at k, with the significant range of wave numbers Ak satisfying the 
criterion Ax Ak ~27. 


f 
A, ee cos wf 


} 


At 


Problem 4.21 


The elastic force constant for an ionic crystal is ~15 newtons/metre. Show that the 
experimental values for the frequencies of infrared absorption quoted at the end of this 
chapter for NaCl and KCl are in reasonable agreement with calculated values. 


1 a.m.u.=1-6610 *’ kg 
Na mass = 23 a.m.u. 
K mass = 39 a.m.u. 


Cl mass = 35 a.m.u. 
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Problem 4.22 


Show that, in the Doppler effect, the change of frequency noted by a stationary observer 
O as a moving source S’ passes him is given by 


2vcu 
Ty toee memes 
"~ (c?=u?) 
where c = vA, the signal velocity and u is the velocity of S’. 


Problem 4.23 


Suppose, in the Doppler effect, that a source S’ and an observer O’ move in the same 
direction with velocities u and v respectively. Bring the observer to rest by superimpos- 
ing a velocity —v on the system to show that O’ now registers a frequency 


|) v(c—v) 
* 2 (c=u) 


Problem 4.24 


Light from a star of wavelength 6x 10°’ metres is found to be shifted 10 ‘' metres 
towards the red when compared with the same wavelength from a laboratory source. If 
the velocity of light is 3 x 10° metres sec ‘ show that the earth and the star are separating 
at a velocity of 5 kilometres per second. 


Problem 4.25 

An aircraft flying on a level course transmits a signal of 3 x 10° Hertz which is reflected 
from a distant point ahead on the flight path and received by the aircraft with a 
frequency difference of 15 kHertz. What is the aircraft speed. 


Problem 4.26 

Light from hot sodium atoms is centred about a wavelength of 6 x10 ’ metres but 
spreads 2 x 10°” metres on either side of this wavelength due to the Doppler effect as 
radiating atoms move towards and away from the observer. Calculate the thermal 
velocity of the atoms to show that the gas temperature is ~900 K. 


Problem 4.27 


Show that in the Doppler effect when the source and observer are not moving in the 
same direction that the frequencies 


VC 2 v(c—v) 


! " 
V 


Cc—Uu Cc 


ieteeaaet 
yn =v( 
cu 


are valid if u and v are not the actual velocities but the components of these velocities 
along the direction in which the waves reach the observer. 


Problem 4.28 


In extending the Doppler principle consider the accompanying figure where O is a 
stationary observer at the origin of the coordinate system O(x, t) and O' is an observer 
situated at the origin of the system O'(x’, t’) which moves with a constant velocity v in 
the x direction relative to the system O. When O and O’ are coincident at r=t'=0Oa 
light source sends waves in the x direction with constant velocity c. These waves obey 
the relation 


and 


0=x’*—c’t’ (seenby O)=x”—c’t’ (seen by O’). (1) 
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Since there is only one relative velocity v, the transformation 

x'=k(x—vt) (2) 
and 

x= k'(x' + of’) (3) 


must also hold. Use (2) and (3) to eliminate x’ and ¢’ from (1) and show that this identity 
is satisfied only by k=k’=1/(1—87)'””, where 6 = v/c. (Hint—in the identity of 
equation (1) equate coefficients of the variables to zero.). 


O —s o} 
This is the Lorentz transformation in the theory of relativity giving 
px Ge vt) A. eee 
OS eee aa 
~ —fe/e*)x) _(t'+(v/c*)x’) 
ee 


Problem 4.29 


Show that the interval At = t, — t, seen by O in problem 4.28 is seen as At' = kAt by O' 
and that the length / = x,—x, seen by O is seen by O' as l'=I/k. 


Problem 4.30 
Show that two simultaneous events at x, and x,(t,=1t,) seen by O in the previous 
problems are not simultaneous when seen by O! (that is t; # 5). 


Problem 4.31 


Show that the order of events seen by O(t, >t,) of the previous problems will not be 
reversed when seen by O’ (that is t; > t}) as long as the velocity of light c is the greatest 
velocity attainable. 


Summary of Important Results 


2 
Wave Equation — =—z = 
ee 
@ Ox 
Wave (phase) velocity = c = oe 


2 
k = wave number = 
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where the wavelength A defines separation between two oscillations with phase 
difference of 27 radians. 
dy 


= 2 
Particle velocity 2a mapas 
dt Ox 
Displacement y = ae“? 


where a is wave amplitude. 


Characteristic Impedance of a string 


transverse force  _—-_dy /dy _ 


~ transverse velocity geet ae 


Reflexion and Transmission Coefficients 


Reflected Amplitude 2Z,—Z) 
Incident Amplitude 2,+2Z, 


Transmitted Amplitude 22, 
Incident Amplitude Z,+Z> 


Reflected Energy _ (2 =e = : 


Incident Energy ie 


Transmitted Energy 42,2, 
Incident Energy (7.427 


Impedance Matching 

Impedances Z, and Z; are matched by insertion of impedance Z, where 
Z3=Z1Z;3 

Thickness of Z> is A/4 measured in Z>. 


Standing waves. Normal Modes. Harmonics. 


Solution of wave equation separates time and space dependence to satisfy time 
independent wave equation 
2 
dy oes iwt 
at y=0 (cancele™ ) 
x 


Standing waves on string of. length / have wavelength A,, where 


he 
—=/ 
2 
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Displacement of nth harmonic is 
- ek 
Yn =(A, COS w,t+B,, sin w,t) sin — 
C 


Energy of nth harmonic (string mass m) 


E, = KE,, + PE, =imw-(A~+B?) 


Group Velocity 


In a dispersive medium the wave velocity v varies with frequency w (wave 
number k). The energy of a group of such waves travels with the group velocity 


Rectangular Wave Group of n components amplitude a, width Aw, represented 
in time by 
sin(Aw. t/2) 
"acne lee eae, 
sin (Aw. t/n. 2) 


R(t)= os ot 


where @ is average frequency. R(t) is zero when 


Aw.t_ 
i.e. Bandwidth Theorem gives 
Aw. At=27 
or 


AxAk =27 


A pulse of duration At requires a frequency width Aw to define it in frequency 
space and vice versa. 


Doppler Effect 


Signal of frequency v and velocity c transmitted by a stationary source S and 
received by a stationary observer O becomes 


22 


Cc 


when source is no longer stationary but moves towards O with a velocity u. 


Chapter 5 


Longitudinal Waves 


In deriving the wave equation 


ay 1 ay 
ree oe 


in Chapter 4, we used the example of a transverse wave and continued to 
discuss waves of this type on a vibrating string. In this chapter we consider 
longitudinal waves, waves in which the particle or oscillator motion is in the 
same direction as the wave propagation. Longitudinal waves propagate as 
sound waves in all phases of matter, plasmas, gases, liquids and solids, but we 
shall concentrate on gases and solids. In the case of gases, limitations of 
thermodynamic interest are imposed; in solids the propagation will depend on 
the dimensions of the medium. Neither a gas nor a liquid can sustain the 
transverse shear necessary for transverse waves, but a solid can maintain both 
longitudinal and transverse oscillations. 


Sound Waves in Gases 


Let us consider a fixed mass of gas, which at a pressure Po occupies a volume Vo 
with a density po. These values define the equilibrium state of the gas which is 
disturbed, or deformed, by the compressions and rarefactions of the sound 
waves. Under the influence of the sound waves 


the pressure Py becomes P= Po + p 
the volume Vy becomes V= Vo+v 
and 
the density pp becomes p = pot pa. 


The excess pressure p is the maximum pressure amplitude of the sound wave 
and is an alternating component superimposed on the equilibrium gas pressure 
Po. 

The fractional change in volume is called the dilatation, written v/ Vo= 4, 
and the fractional change of density is called the condensation, written pg/po = 


144 
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s. The values of 6 and s are ~10 © for ordinary sound waves, and a value of 
p=2X10 °N/m’ (about 10 ‘° of an atmosphere) gives a sound wave which is 
still audible at 1000 Hertz. Thus the changes in the medium due to sound waves 
are of an extremely small order and define limitations within which the wave 
equation is appropriate. 

The fixed mass of gas is equal to 


Po Vo = PV = po Vo(1+ 6)(1 +s) 


so that (1+ 5)(1+s)=1, giving s= —6 to a very close approximation. The 
elastic property of the gas, a measure of its compressibility, is defined in terms 
of its bulk modulus 


dV/V.. dv 


the difference in pressure for a fractional change in volume, a volume increase 
with fall in pressure giving the negative sign. The value of B depends on 
whether the changes in the gas arising from the wave motion are adiabatic or 
isothermal. They must be thermodynamically reversible in order to avoid the 
energy loss mechanisms of diffusion, viscosity and thermal conductivity. The 
complete absence of these random, entropy generating processes defines an 
adiabatic process, a thermodynamic cycle with a 100% efficiency in the sense 
that none of the energy in the wave, potential or kinetic, is lost. Ina sound wave 
such thermodynamic concepts restrict the excess pressure amplitude; too great 
an amplitude raises the local temperature in the gas at the amplitude peaks and 
thermal conductivity removes energy from the wave system. Local particle 
velocity gradients will also develop, leading to diffusion and viscosity. 

Using a constant value of the adiabatic bulk modulus limits sound waves to 
small oscillations since the total pressure P = P)+ p is taken as constant; larger 
amplitudes lead to non-linear effects and shock waves, which we shall discuss 
separately in Chapter 11. 

All adiabatic changes in the gas obey the relation PV” = constant, where y is 
the ratio of the specific heats at constant pressure and volume respectively. 

Differentiation gives 


V’ dP+yPV”'dV=0 
or 


dP 
— Vave yP = B, (where the subscript a denotes adiabatic) 


so that the eleastic property of the gas is yP, considered to be constant. Since 
P=P,)+p, then dP = p, the excess pressure, giving 


——" 
. v/ Vo 


or p=—B,6=B,s 
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In a sound wave the particle displacements and velocities are along the x-axis 
and we choose the co-ordinate 7 to define the displacement. 

In obtaining the wave equation we consider the motion of an element of the 
gas of infinitesimal thickness dx and unit cross section. Under the influence of 
the sound wave the behaviour of this element is shown in fig. 5.1. The particles 
in the layer x are displaced a distance 7 and those at x +dx are displaced a 
distance 7 +d7, so that the increase in the thickness dx of the element of unit 


dx +dn=dx (Na 
Ox 


ss 


b- aa 
| 
| | 
7 ia | 
dx l 
ae OP, 
= A+, Os 


Fig. 5.1. Thin element of gas of unit cross- 
section and thickness dx displaced an 
amount 7 and expanded by an amount 
(dn/dx) dx under the influence of a pressure 
difference —(0P,/dx) dx 


cross section (which therefore measures the increase in volume) is 


and 


D 7) on 
epee: Ge ee 
5 V, (= x/dx s 


where 07/0x is called the strain. 

The medium is deformed because the pressures along the x-axis on either 
side of the thin element are not in balance (fig. 5.1). The net force acting on the 
element is given by 


, r 
P,— Pras =| Pr—-(Pe +9 ‘dx) | 
Ox 


@ Op 
x ar o + p) dx ay oe 


The mass of the element is pj dx and its acceleration is given, to a close 
approximation, by d°/dt’. 
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From Newton’s Law we have 
2 


dp 0-7 
——dx = pp dx 
ee ae 
where 
4) 
= in = ae 
Ox 
so that 
es ae an oy 
==. — =. giving B,—s= p9-s 
Ox ax e 6 ax? fo or’ 


But B,/ po = yP/ po is the ratio of the elasticity to the inertia or density of the 
gas, and this ratio has the dimensions 
yP 2 


: Zz 
=(velocity)”, so ——=c 
area mass Po 


force volume 


where c is the sound wave velocity. 
Thus 


is the wave equation. Writing 7,, as the maximum amplitude of displacement 
we have the following expressions for a wave in the positive x-direction: 
eilorkx) , On 


1) = Nn at 


a 
§=—!=-ikn=-s (sos=ikn) 
Ox 


p = B,s =iB,kn 


The phase relationships between these parameters (fig. 5.2a) show that when 
the wave is in the positive x-direction, the excess pressure p, the fractional 
density increase s and the particle velocity 7 are all 77/2 radians in phase ahead 
of the displacement 7, whilst the volume change (7r radians out of phase with 
the density change) is 7/2 radians behind the displacement. These relation- 
ships no longer hold when the wave direction is reversed (fig. 5.2b); for a wave 
in the negative x-direction 


0 
i(wt+kx) . 7). 
—S- EL 
n=n na n 
0 3 : 
g=—'= ikn=—s (sos=~—ikn) 


- OX 
p= B,s = —iB,kn 
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psn 7, Oe 
Ox 
7) | 
(a) (b) 
07 8 3 
Ox P, 


Wave in + ve x Wave in-ve x 
direction direction 


Fig. 5.2. Phase relationships 
between the particle displace- 
ment 7, particle velocity 7, excess 
pressure p and condensation s = 
—6 (the dilatation) for waves 
travelling in the positive and 
negative x directions. The dis- 
placement 7 is taken in the posi- 
tive x direction for both waves 


In both waves the particle displacement 71 is measured in the positive x- 
direction and the thin element dx of the gas oscillates about the value y = 0, 
which defines its central position. For a wave in the positive x-direction the 
value 7 = 0, with 7 a maximum in the positive x-direction, gives a maximum 
positive excess pressure (compression) with a maximum condensation s (max- 
imum density) and a minimum volume. For a wave in the negative x-direction, 
the same value 7 =0, with 7 a maximum in the positive x-direction, gives a 
maximum negative excess pressure (rarefaction), a maximum volume and a 
minimum density. To produce a compression in a wave moving in the negative 
x-direction the particle velocity 7 must be a maximum in the negative 
x-direction at 7 =0. This distinction is significant when we are defining the 
impedance of the medium to the waves. A change of sign is involved with a 
change of direction—a convention we shall also have to follow when discussing 
the waves of Chapters 6 and 7. 


Energy distribution in Sound Waves 


The kinetic energy in the sound wave is found by considering the motion of the 
individual gas elements of thickness dx. 
Each element will have a kinetic energy 


AF. = 5Po dx n 


where 7 will depend upon the position x of the element. The average value of 
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the kinetic energy density is found by taking the value of 1 averaged over a 
region of n wavelengths. 
Now 


ee 
N = Nm Sin —(ct—x) 
A 
so that 


22 


a eee a sin* 2a(ct—x)/A dx Ly 
Ss Oe 


nH 
nr 


so that the average kinetic energy density in the medium is 


AF kin = 4P0N mn = {PoW Nn 


(a simple harmonic oscillator of maximum amplitude a has an average kinetic 
energy over one cycle of 7mwa*). 

The potential energy density is found by considering the work p d V done on 
the fixed mass of gas of volume Vo during the adiabatic changes in the sound 
wave. This work is expressed as 


AF jot = -|pav 


where the negative sign shows that the potential energy change is positive in 
both a compression (p positive, d V negative) and a rarefaction (p negative, dV 
positive) fig. 5.3. 


Work done 
a in compression 
R Work done 
in rarefaction 
-p 
-V A V 


Fig. 5.3. Shaded triangles show that 

potential energy pv/2 gained by gas in 

compression equals that gained in rarefac- 
tion when both p and v change sign 


The condensation 


me ss 
Vo 


S 
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where { dV=v the incremental change in the original volume Vo so 


dV=-—V,ds 
which, with 
p= B,s 
gives 
AF pot = | pdV= { Bs Vo ds 
O : 
= 5BS° dx = 5B,6° dx 
where s=-—6 and the thickness dx of the element of unit cross section 
represents its volume Vo. 
Now 
=m ee) 
so that 
0 1a 
6 eS - +— — where c ==> 
Ox c ot k 
Thus 
Be: 
AE po =3—3 9 dx =3p0H* dx 


and its average value over nA gives the potential energy density 


Aig. Sas 4Po7) Z 


Total 

energy 

in sound 

wave 

x 
Distance 
Fig. 5.4. Energy distribution is space 
for a sound wave in a gas. Both poten- 
tial and kinetic energies are at a max- 
imum when the particle velocity 7 is a 
maximum and zero at n = 0 


We see that the average values of the kinetic and potential energy density in 
the sound wave are equal, but more important, since the value of each for the 
element dx is spon dx, we observe that the element possesses maximum (or 
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minimum) potential and kinetic energy at the same time. A compression or 
rarefaction produces a maximum in the energy of the element since the value 7 
governs the energy content. Thus the energy in the wave is distributed in the 
wave system with distance as shown in fig. 5.4. 


Intensity of Sound Waves 


This is a measure of the energy flux, the rate at which energy crosses unit area, 
so that it is the product of the energy density (kinetic plus potential) and the 
wave velocity c. Normal sound waves range in intensity between 10°'* and 1 
watt per square metre, extremely low levels which testify to the sensitivity of 
the ear. The roar of a large football crowd greeting a goal will just about heat a 
cup of coffee. 

The intensity may be written 


- 2 1 » See - : 2 ‘ 
1 = 3P0C7) m= 2P0C@ Nm = PoCNems = Prms/ PoC = PrmsTrms 
A commonly used standard of sound intensity is given by 
Ip=10 * watts/metre? 


which is about the level of the average conversational tone between two people 
standing next to each other. Shouting at this range raises the intensity by a 
factor of 100 and in the range 100 Ip to 1000 Jp (10 watts/m’) the sound is 
painful. 

Whenever the sound intensity increases by a factor of 10 it is said to have 
increased by 1 bel so the dynamic range of the ear is about 12 bels. An intensity 
increase by a factor of 


10°' = 1-26 


increases the intensity by 1 decibel (1 db), a change of loudness which is just 
detected by a person with good hearing. 

We see that the product poc appears in most of the expressions for the 
intensity; its significance becomes apparent when we define the impedance of 
the medium to the waves as the 

excess pressure 
Specific Acoustic Impedance = et ore = Ld 
particle velocity 7 
(the ratio of a force per unit area to a velocity). 
Now, for a wave in the positive x-direction, 


= B,s=i1B,kn and 7=iw7, so that, 
ak 


a 


p 
ee 
N Cc 


Thus the acoustic impedance presented by the medium to these waves, as in the 
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case of the transverse waves on the string, is given by the product of the density 
and the wave velocity and is governed by the elasticity and inertia of the 
medium. For a wave in the negative x-direction, the specific acoustic impe- 
dance 

pie 


. — Ppoc 
n iwn 
with a change of sign because of the changed phase relationship. 

The units of poc are normally stated as kgm ~ sec ' in books on practical 
acoustics; in these units air has a specific acoustic impedance value of ~ 400, 
water a value of 1-45 10° and steel a value of 3-910’. These values will 
become more significant when we use them later in examples on the reflexion 
and transmission of sound waves. 

Although the specific acoustic impedance poc is a real quantity for plane 
sound waves, it has an added reactive component ik/r for spherical waves, 
where r is the distance travel!zd by the wavefront. This component tends to 
zero with increasing r as the spherical wave becomes effectively plane. 


(Problems 5.1, 5.2, 5.3, 5.4, 5.5, 5.6, 5.7, 5.8) 


Longitudinal Waves in a Solid 


The velocity of longitudinal waves in a solid depends upon the dimensions of 
the specimen in which the waves are travelling. If the solid is a thin bar of finite 
cross section the analysis for longitudinal waves in a gas is equally valid, except 
that the bulk modulus B, is replaced by Young’s modulus Y, the ratio of the 
longitudinal stress in the bar to its longitudinal strain. 

The wave equation is then 


A longitudinal wave in a medium compresses the medium and distorts it 
laterally. Because a solid can develop a shear force in any direction, such a 
lateral distortion is accompanied by a transverse shear. The effect of this upon 
the wave motion in solids of finite cross section is quite complicated and has 
been ignored in the very thin specimen above. In bulk solids, however, the 
longitudinal and transverse modes may be considered separately. 

We have seen that the longitudinal compression produces a strain dn/ dx; the 
accompanying lateral distortion produces a strain dB/dy (of opposite sign to 
dn/dx and perpendicular to the x-direction). 

Here B is the displacement in the y-direction and is a function of both x and 
y. The ratio of these strains 


Be ot oe 
dy/ Ox 
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is known as Poisson’s ratio and is expressed in terms of Lamé’s elastic constants 
A and wp for a solid as 
A oY 


oR ee ta -20) 


These constants are always positive, so that o <3, and is commonly =, In 
terms of these constants Young’s modulus becomes 


Y =(A+2p—2Ac) 


The constant p is the transverse coefficient of rigidity, that is, the ratio of the 
transverse stress to the transverse strain. It plays the role of the elasticity in the 
propagation of pure transverse waves in a bulk solid which Young’s modulus 
plays for longitudinal waves in a thin specimen. Fig 5.5 illustrates the shear in a 


B=B (xy) 


aB 
—— =transverse strain 
Ox 


Fig. 5.5. Shear in a bulk solid producing a 

transverse wave. The transverse shear 

strain is 08B/dx and the transverse shear 

stress is x 08/dx, where w is the shear 
modulus of rigidity 


transverse plane wave, where the transverse strain is defined by 08/dx. The 
transverse stress at x is therefore T,, = u 0B/dx. The equation of transverse 
motion of the thin element dx is then given by 


Tits — Fas. — dx y 


where p is the density, or 


=( *) i 
Ox 5 py 
but ¥ =0°B/dt’, hence 
cB_ pap 
x 5s re 


the wave equation with a velocity given by c* = ./ p. 


154 The Physics of Vibrations and Waves 


The effect of the transverse rigidity py Is to stiffen the solid and increase the 
elastic constant governing the propagation of longitudinal waves. In a bulk 
solid the velocity of these waves is no longer given by c= Y/p, but becomes 


18) 


Since Young’s modulus Y =A +2u—-—2dAa, the elasticity is increased by the 
amount 2Aa ~A, so that longitudinal waves in a bulk solid have a higher 
velocity than the same waves along a thin specimen. 

In an isotropic solid, where the velocity of propagation is the same in all 
directions, the concept of a bulk modulus, used in the discussion on waves in 
gases, holds equally well. Expressed in terms of Lamé’s elastic constants the 
bulk modulus for a solid is written 


B=) +3p= Y[3(1-20)] ' 


Cc 


the longitudinal wave velocity for a bulk solid becomes 
(7 + sre Jee 
St Bl 0 


whilst the transverse velocity remains as 
“(2)” 
ty eae BSE 
p 


Application to Earthquakes 


The values of these velocities are well known for seismic waves generated by 
earthquakes. Near the surface of the earth the longitudinal waves have a 
velocity of 8 kilometres per second and the transverse waves travel at 4-45 
kilometres per second. The velocity of the longitudinal waves increases with 
depth until, at a depth of about 1800 miles, no waves are transmitted because of 
a discontinuity and severe mismatch of impedances associated with the fluid 
core. 

At the surface of the earth the transverse wave velocity is affected by the fact 
that stress components directed through the surface are zero there and these 
waves, known as Rayleigh Waves, travel with a velocity given by 


c = flo)(#) 
p 
where 
f(7)=0:9194 when a =0-25 
and 
f(a) =0-9553 when a=0°5 
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The energy of the Rayleigh Waves is confined to two dimensions; their 
amplitude is often much higher than that of the three dimensional longitudinal 
waves and therefore they are potentially more damaging. 

In an earthquake the arrival of the fast longitudinal waves is followed by the 
Rayleigh Waves and then by a complicated pattern of reflected waves including 
those affected by the stratification of the earth’s structure, known as Love 
Waves. 


(Problem 5.9) 


Longitudinal Waves in a Periodic Structure 


Lamé’s elastic constants, A and yw, which are used to define such macroscopic 
quantities as Young’s modulus and the bulk modulus, are themselves deter- 
mined by forces which operate over interatomic distances. The discussion on 
transverse waves in a periodic structure has already shown that in a one- 


ae 1, Nr +4 


Fig. 5.6. Displacement of atoms in a linear array 
due to a longitudinal wave in a crystal structure 


dimensional array representing a crystal lattice a stiffness s = T/a dyne cm ' 


can exist between two atoms separated by a distance a. 

When the waves along such a lattice are longitudinal the atomic displace- 
ments from equilibrium are represented by 7 (fig. 5.6). An increase in the 
separation between two atoms from a to a+7 gives a strain e = 7/a, and a 
stress normal to the face area a’ of a unit cell ina crystal equal to sy/a* = se/a, 
a force per unit area. 

Now Young’s modulus is the ratio of this longitudinal stress to the longitudi- 
nal strain, so that Y = se/ea or s = Ya. The longitudinal vibration frequency of 
the atoms of mass m connected by stiffness constants s is given, very approxi- 


mately by 
= es at ee co 
27 27 Ym 27a Np 2a 


where m=pa> and Cp is the velocity of sound in a solid. The value of 
Co=5X10° msec ', and a~2x10 '°m, so that vy ~3 x10’ Hertz, which is 
almost the same value as the frequency of the transverse wave in the infrared 
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region of the electromagnetic spectrum. The highest ultrasonic frequency 
generated so far is about a factor of 10 lower than v =co/27ra. At frequencies 
~5x10'” to 10’* Hertz many interesting experimental results must be ex- 
pected. A more precise mathematical treatment yields the same equation of 
motion for the rth particle as in the transverse wave, namely 


mn, = S(M41 | 2n,) 
where s = T/a and 
Sate i(wt—kra) 
Nr = Nmax © 

The results are precisely the same as in the case of transverse waves and the 
shape of the dispersion curve is also similar. The maximum value of the cut-off 
frequency w,, is, however, higher for the longitudinal than for the transverse 
waves. This is because the longitudinal elastic constant Y is greater than the 
transverse constant p, that is, the force required for a given displacement in the 
longitudinal direction is greater than that for the same displacement in the 
transverse direction. 


Reflexion and Transmission of Sound Waves at Boundaries 


When a sound wave meets a boundary separating two media of different 
acoustic impedances two boundary conditions must be met in considering the 
reflexion and transmission of the wave. They are that 


(i) the particle velocity 7 
and 


(ii) the acoustic excess pressure p 


are both continuous across the boundary. Physically this ensures that the two 
media are in complete contact everywhere across the boundary. 


incident 
ae transmitted 
Fig. 5.7. Incident, reflected and transmitted sound vitae 
waves at a plane boundary between media of 
specific acoustic impedances p,c, and p2c2 
Py % Ps *2 


Fig. 5.7 shows that we are considering a plane sound wave travelling in a 
medium of specific acoustic impedance Z,=p;c; and meeting, at normal 
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incidence, an infinite plane boundary separating the first medium from another 
of specific acoustic impedance Z,=2c>. If the subscripts i, r and t denote 
incident, reflected and transmitted respectively, then the boundary conditions 
give 


Nit N= TN (5.1) 
and 
Pi + Dy = Pt (5.2) 


For the incident wave p; = p;c;7; and for the reflected wave p, = —pc%,, SO 
equation (5.2) becomes 


P1C1 Ni — P1C1M = P2C2™ 


Or 


; : ; heal 
Z1Hi — Zi 7, = 22M (5.3) 


Eliminating 7, from (5.1) and (5.3) gives 


2 ee 


i; oy, %; Z,+Z> 


Eliminating 7, from (5.1) and (5.3) gives 


TMH TM _ 221 
n nN ZitZe 


Now 
Pr_ ZiT _ 4a £4 Zi sare 


Di Ant; 2a ge Ni 
and 


Pr_ 22% _ 222 
PR 21H, = 2Z1+Z, 


We see that if Z, > Z> the incident and reflected particle velocities are in phase, 
whilst the incident and reflected acoustic pressures are out of phase. The 
superposition of incident and reflected velocities which are in phase leads to a 
cancellation of pressure (a pressure node in a standing wave system). If Z,; < Z 
the pressures are in phase and the velocities are out of phase. 

The transmitted particle velocity and acoustic pressure are always in phase 
with their incident counterparts. 

At arigid wall, where Z, is infinite, the velocity n = 0 = 7; + 7,, which leads to 
a doubling of pressure at the boundary. (See Summary on page 412.) 
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Reflexion and Transmission of Sound Intensity 


The intensity coefficients of reflexion and transmission are given by 


EB & 2) ; 


I; Se ra LZ +Z> 


and 
katte _ Za 2Z, ) 4Z,Z> 


eA ee ae Ae ee 


The conservation of energy gives 


[Ai 
ree eS. or J,=I1,+], 

The great disparity between the specific acoustic impedance of air on the one 
hand and water or steel on the other leads to an extreme mismatch of 
impedances when the transmission of acoustic energy between these media is 
attempted. 

There is an almost total reflexion of sound wave energy at an air—water 
interface, independent of the side from which the wave approaches the 
boundary. Only 14% of acoustic energy can be transmitted at a steel—water 
interface, a limitation which has severe implications for underwater transmis- 
sion and detection devices which rely on acoustics. 


(Problems 5.10, 5.11, 5.12, 5.13, 5.14, 5.15, 5.16, 5.17) 


Problem 5.1 


Show that in a gas at temperature T the average thermal velocity of a molecule is 
approximately equal to the velocity of sound. - 


Problem 5.2 


The velocity of sound in air of density 1:29 kgm ° may be taken as 330 metres sec '. 
Show that the acoustic pressure for the painful sound of 10 watts metre ~~6-5 x 10 “* of 
an atmosphere. 


Problem 5.3 
Show that the displacement amplitude of an air molecule at a painful sound level of 
10 watts metre * at 500 Hert2~3-10°* metre. 


Problem 5.4 


Barely audible sound in air has an intensity of 10°'° Jy. Show that the displacement 
amplitude of an air molecule for sound at this level at 500 Hertz is ~10° '° metre, that is, 
about the size of the molecular diameter. 


Problem 5.5 


Hi-fi equipment is played very loudly at an intensity of 100 J, in a small room of cross 
section 3 metres x 3 metres. Show that this audio output is about 10 watts. 
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Problem 5.6 


Two sound waves, one in water and one in air, have the same intensity. Show that the 
ratio of their pressure amplitudes (p water/p air) is about 60. When the pressure 
amplitudes are equal show that the intensity ratio is ~3 x 10°°. 


Problem 5.7 


A spring of mass m, stiffness s and length L is stretched to a length L+/. When 
longitudinal waves propagate along the spring the equation of motion of alength dx may 
be written 


where 7 is the longitudinal displacement and F is the restoring force. Derive the wave 
equation to show that the wave velocity v is given by v’ = s/p where p is the mass per 
unit length of the spring. 


Problem 5.8 


In problem 1.9 we showed that amass M suspended by a spring of stiffness s and mass m 
oscillated simple harmonically at a frequency given by 


‘ S 
®* = 
M+m/3 


We may consider the same problem in terms of standing waves along the vertical spring 
with displacement 


7 =(A cos kx +B sin kx) sin wt 


where k = w/v is the wave number. The boundary conditions are that n = 0 at x = 0 (the 
top of the spring) and 


(the bottom of the spring). Show that these lead to the expression 
m 
kL tan kL =— 
an kL == 


and expand tan kL in powers of kL to show that, in the second order approximation 


: S 
eS 
M+m/3 


The value of v is given in problem 5.7. 


Problem 5.9 

A solid has a Poissons ratio 0 = 0.25. Show that the ratio of the longitudinal wave 
velocity to the transverse wave velocity is V3. Use the values of these velocities given in 
the text to derive an appropriate value of o for the earth. 
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Problem 5.10 


Show that when sound waves are normally incident on a plane steel water interface 86% 
of the energy is deflected. If the waves are travelling in water and are normally incident 
on a plane water-ice interface show that 82-3% of the energy is transmitted. 


(pc values in kg m~” sec *) 
water = 1-43 x 10° 
ice =3-49x10° 
steel =3-9 x10’ 


Problem 5.11 


Use the boundary conditions for standing acoustic waves in a tube to confirm the 
following: 


Particle displacement Pressure 


closedend openend  closedend openend 


Phase change on reflexion 180° 0 0 180° 
node antinode antinode node 


Problem 5.12 


Standing acoustic waves are formed in a tube of length / with (a) both ends open and (b) 
one end open and the other closed. If the particle displacement 


n =(A cos kx + B sin kx) sin wt 
and the boundary conditions are as shown in the diagrams, show that for 


(a) n=Acoskxsinwt with A=2I/n 
and for 


(b) n=Acoskxsinwt with A=41/(2n+1) 


Sketch the first three harmonics for each case. 


(a) (b) 


Problem 5.13 


On page 114 we discussed the problem of matching two strings of impedances Z, and Z, 
by the insertion of a quarter wave element of impedance 


LZ, = (72 = 


Repeat this problem for the acoustic case where the expressions for the string displace- 
ments 


Vis Yr Yr 


now represent the appropriate acoustic pressures p,, p, and p,. 
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Show that the boundary condition for pressure continuity at x = 0 is 
| A,+B,=A,+B, 
and that for continuity of particle velocity is 
Z(A, —B,) = Z,(A,—B,) 
Similarly, at x =/, show that the boundary conditions are 


A, eikal +B, eik2! — A, 


and 
ars e ik2! os B, e'*2!) = Lahis 


Hence prove that the coefficient of sound transmission 


when 
2 rz 
Z5 = Paes and l = 4 


(Note that the expressions for both boundary conditions and transmission coefficient 
differ from those in the case of the string.) 


Problem 5.14 


For sound waves of high amplitude the adiabatic bulk modulus may no longer be 
considered as a constant. Use the adiabatic condition that 


== |_| 
PT Viies) 


in deriving the wave equation to show that each part of the high amplitude wave has its 
own sound velocity co(1+s)°"*”’”, where c4 = yPo/ po, 5 is the dilatation, s the conden- 
sation and y the ratio of the specific heats at constant pressure and volume. 


Problem 5.15 


Some longitudinal waves in a plasma exhibit a combination of electrical and acoustical 
phenomena. They obey a dispersion relation at temperature T of w* =w2+3aTk’, 
where w, is the constant electron plasma frequency (see problem 4.18) and the 
Boltzmann constant is written as a to avoid confusion with the wave number k. Show 
that the product of the phase and group velocities is related to the average thermal 
energy of an electron (found from pV= RT). 


Problem 5.16 

It is possible to obtain the wave equation for tidal waves (long waves in shallow water) by 
the method used in deriving the acoustic wave equation. In the figure a constant mass of 
fluid in an element of unit width, height h and length Ax moves a distance 7 and assumes 
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a new height h+ a and length (1 +d7/0x) Ax, but retains unit width. Show that, to a first 
approximation, 


Neglecting surface tension, the force on the element face of height h + q@ arises from the 
product of the height and the mean hydrostatic pressure. Show that the net force on the 
liquid element is given by 


OF ) 
—=—Aa = — pgh—Ax 
Ox Ox 


Continue the derivation using the acoustic case as a model to show that these waves are 
non-dispersive with a phase velocity given by v* = gh. 


Problem 5.17 


Waves near the surface of a non-viscous incompressible liquid of density p have a phase 
velocity given by 


v*(k)= +=] tanh kh 
2. 


where g is the acceleration due to gravity, T is the surface tension, k is the wave number 
and h is the liquid depth. When h « XQ the liquid is shallow; when h > A the liquid is deep. 

(a) Show that, when gravity and surface tension are equally important and h > A, the 
wave velocity is a minimum at v*=4gT/p, and show that this occurs for a ‘critical’ 
wavelength A, = 27(T/pg)’”’. 

(b) The condition A >A, defines a gravity wave, and surface tension is negligible. 
Show that gravity waves in a shallow liquid are non dispersive with a velocity v =v gh 
(see problem 5.16). 

(c) Show that gravity waves in a deep liquid have a phase velocity v = Vg/k and a 
group velocity of half this value. 

(d) The condition A <A, defines a ripple (dominated by surface tension). Show that 


short ripples in a deep liquid have a phase velocity v = V Tk/pand a group velocity of $v. 
(Note the anomalous dispersion.) 
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Summary of Important Results 
Wave velocity 


> Bulk Modulus yP 
Se a 
p p 


Specific Acoustic Impedance 


__ acoustic pressure 
particle velocity 


Z = pc (for right going wave) 


= — pc (for left going wave because pressure 
and particle velocity become anti-phase) 


Prms 


Intensity = 5pcn a = — Prins Weis 


Reflexion and Transmission Coefficients 


Reflected Amplitude | displacement |! _Z,—Z,__ Reflected pressure 


Incident Amplitude | and velocity } Z,+2Z, Incident pressure 


Transmitted Amplitude (displacement) 22, 


Incident Amplitude (and velocity) Z,+Z> 
ale 2 Transmitted pressure 


3 Incident pressure 


Reflected Intensity ence (2 = aay 
Incident Intensity BY Zi +2Z> 
Transmitted Intensity 4Z,Z> 
a (eee = 
Incident Intensity (Z,+Z>) 


Chapter 6 


Waves on Transmission Lines 


In the wave motion discussed so far four major points have emerged. They are 

(i) Individual particles in the medium oscillate about their equilibrium 
positions with simple harmonic motion but do not propagate through the 
medium. 

(ii) Crests and troughs and all planes of equal phase are transmitted through 
the medium to give the wave motion. 

(iii) The wave or phase velocity is governed by the product of the inertia of 
the medium and its capacity to store potential energy, that is, its elasticity. 

(iv) The impedance of the medium to this wave motion is governed by ratio 
of the inertia to the elasticity (see table on p. XiV). 

In this chapter we wish to investigate the wave propagation of voltages and 
currents and we shall see that the same physical features are predominant. 
Voltage and current waves are usually sent along a geometrical configuration of 
wires and cables known as transmission lines. The physical scale or order of 
magnitude of these lines can vary from that of an oscilloscope cable on a 
laboratory bench to the electric power distribution lines supported on pylons 
over hundreds of miles or the submarine telecommunication cables lying on an 
ocean bed. 

Any transmission line can be simply represented by a pair of parallel wires 
into one end of which power is fed by an a.c. generator. Fig. 6.1a shows such a 
line at the instant when the generator terminal A is positive with respect to 
terminal B, with current flowing out of the terminal A and into terminal B as 
the generator is doing work. A half cycle later the position is reversed and B is 
the positive terminal, the net result being that along each of the two wires there 
will be a distribution of charge as shown, reversing in sign at each half cycle due 
to the oscillatory simple harmonic motion of the charge carriers (fig. 6.1b). 
These carriers move a distance equal to a fraction of a wavelength on either side 
of their equilibrium positions. As the charge moves current flows, having a 
maximum value where the product of charge density and velocity is greatest. 

The existence along the cable of maximum and minimum current values 
varying simple harmonically in space and time describes a current wave along 
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Oscillatory motion 
of charge carriers 


+ period later 


if ie et wes es es ss ee 
: Energy 
Generator] _ ie fe 
B 
patrs ++ + - == Se =H — + ++ +44 
+ - ee +? 
Inductive 
coupling 
3 ite = : 
Neon lamp 
glows brightly 
at voltage 
maxima 


Fig. 6.1. Power fed continuously by a generator into an 

infinitely long transmission line. Charge distribution and 

voltage waves for (a) generator terminal positive at A 

and (b) a half period later, generator terminal positive at 

B. Laboratory demonstration (c) of voltage maxima 

along a Lecher wire system. The neon lamp glows when 
held near a position of V,,4x 


the cable. Associated with these currents there are voltage waves (fig. 6.1a), 
and if the voltage and current at the generator are always in phase then power is 
continuously fed into the transmission line and the waves will always be 
carrying energy away from the generator. In a laboratory the voltage and 
current waves may be shown on a Lecher Wire system (fig. 6.1c). 

In deriving the wave equation for both voltage and current to obtain the 
velocity of wave propagation we shall concentrate our attention on a short 
element of the line having a length very much less than that of the waves. Over 
this element we may consider the variables to change linearly to the first order 
and we can use differentials. 

The currents which flow will generate magnetic flux lines which thread the 
region between the cables, giving rise to a self inductance Ly per unit length 


166 The Physics of Vibrations and Waves 


measured in henries per metre. Between the lines, which form a condenser, 
there is an electrical capacitance Cp per unit length measured in farads per 
metre. In the absence of any resistance in the line these two parameters 
completely decribe the line, which is known as ideal or lossless. 


Ideal or Lossless Transmission Line 


Fig. 6.2 represents a short element of zero resistance of an ideal transmission 
line length dx « A (the voltage or current wavelength). The self inductance of 
the element is L, dx henries and its capacitance is Co dx farads. 


Fig. 6.2. Representation of element of an 
ideal transmission line of inductance Lo 
henries per unit length and capacitance Co 
farads per unit length. The element length 
« X, the voltage and current wavelength 


If the rate of change of voltage per unit length at constant time is  V/dx then 
the voltage difference between the ends of the element dx is dV/ax dx, which 
equals the voltage drop from the self inductance —(Lo dx) dI/dt. 

Thus 


ot ar = —(Lo dx) 


Or 


ee ) 6.1 
ax at _S 


If the rate of change of current per unit length at constant time is d//dx there is a 
Noss of current along thealength dx of —aI/dx dx because some current has 
charged the capacitance Cy dx of the line to a voltage V. 

If the amount of charge is gq = (Co dx) V, 


dq_@ 


di = 
dt ot 


—(Gp dx) V 
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so that 
—gi fe) 
-——— —_— 
4 x 51 600 dx)V 
or 
—~¢1 0V 
ax © at Se 


Since 4°/dxdt = 0° /dtax it follows, by taking d/dx of equation (6.1) and 0/dt of 
equation (6.2) that 

aV Vv 

ax2 — eGo (6.3) 


a pure wave equation for the voltage with a velocity of propagation given by 
vp? = 1/Lo Cp. 
Similarly 0/dt of (6.1) and 0/dx of (6.2) gives 


a°I aI 
ax? Loto. (6.4) 


showing that the current waves propagate with the same velocity v* = 1/LoCo. 
We must remember here, in checking dimensions, that L) and Cp are defined 
per unit length. 

So far then, the oscillatory motion of the charge carriers (our particles in a 
medium) has led to the propagation of voltage and current waves with a 
velocity governed by the product of the magnetic inertia or inductance of the 
medium and its capacity to store potential energy. 


Coaxial Cables 


Many transmission lines are made in the form of coaxial cables, e.g. a cylinder 
of dielectric material such as polythene having one conductor along its axis and 
the other surrounding its outer surface. This configuration has an inductance 
per unit length of 

foe 


Lo= a log. ze henries 


where r, and r, are the radii of the inner and outer conductors respectively and 


je is the magnetic permeability of the dielectric (henries per metre). Its 
capacitance per unit length 


2 1T€ 


Cy = ———— 
= log. r2/ry 


farads 
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where e€ is the permittivity of the dielectric (farads per metre) so that v= 
1/LoCo= 1/ pe. 

The velocity of the voltage and current waves along such a cable is wholly 
determined by the properties of the dielectric medium. We shall see in the next 
chapter on electromagnetic waves that w and € represent the inertial and elastic 
properties of any medium in which such waves are propagating; the velocity of 
these waves will be given by v* = 1/e. In free space these parameters have the 
values 


luo = 47 X 10 ’ henries per metre 
€) = (367 X10’) | farads per metre 
and v~ becomes c*= Ginenl where c is the velocity of light, equal to 
3 x 10° metres per second. 
Coaxial cables can be made to a very high degree of precision and the time 
for an electrical signal to travel a given length can be accurately calculated 
because the velocity is known. : 


Such a cable can be used as a ‘delay line’ in order to separate the arrival of 
signals at a given point by very small intervals of time. 


Characteristic Impedance of a Transmission Line 


The solutions to equations (6.3) and (6.4) are, of course, 
V,= Vo. sin = (vt—x) 

and 
T= Io, sin =F (ot—x) 


where V, and I, are the maximum values and where the subscript + refers toa 
wave moving in the positive x-direction. Equation (6.1), dV/dx = — Lo dl/dt, 
therefore gives — V'!, = — vLoI',, where the superscript refers to differentiation 
. RS pre ak 
with respect to the bracket (vt— x). 
Integration of this equation gives 


Vi, = vL ol. 


where the constant of integration has no significance because we are consider- 
ing only oscillatory values of voltage and current whilst the constant will change 
merely the d.c. level. 

The ratio 


V to 
— vLo= V2 ohms 


and the value of V L)/ Co, written as Zo, is a constant for a transmission line of 
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given properties and is called the characteristic impedance. Note that it is a pure 
resistance (no dimensions of length are involved) and it is the impedance seen 
by the wave system propagating along an infinitely long line, just as an acoustic 
wave experiences a specific acoustic impedance pc. The physical correspon- 
dence between pc and Lov =VLo/ Co = Zp is immediately evident. 

The value of Z, for the coaxial cable considered earlier can be shown to be 


1 Ve r2 
Zo == /— log. — 
° In Ne — 


Electromagnetic waves in free space experience an impedance Zo = VUo/€o 
= 376-6 ohms. 

So far we have considered waves travelling only in the x-direction. Waves 
which travel in the negative x-direction will be represented (from solving the 
wave equation) by 


2 
V_= Vo_ sin = att x) 
and 
2 
I_=Ip_ sin (vt +x) 


where the negative subscript denotes the negative x-direction of propagation. 
Equation (6.1) then yields the result that 
VL 
—=-vlo=-Z 
‘3 0 0 
so that, in common with the specific acoustic impedance, a negative sign is 
introduced into the ratio when the waves are travelling in the negative 
x-direction. 
When waves are travelling in both directions along the transmission line the 
total voltage and current at any point will be given by 


V=V,+V_ 
and 
l=L.+L 


When a transmission line has waves only in the positive direction the voltage 
and current waves are always in phase, energy is propagated and power is being 
fed into the line by the generator at all times. This situation is destroyed when 
waves travel in both directions; waves in the negative x-direction are produced 
by reflexion at a boundary when a line is terminated or mismatched; we shall 
now consider such reflexions. 


(Problems 6.1 and 6.2) 
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Reflexions from the End of a Transmission line 


Suppose that a transmission line of characteristic impedance Zp has a finite 
length and that the end opposite that of the generator is terminated by a load of 
impedance Z, as shown in fig. 6.3. 3 


Fig. 6.3. Transmission line termi- 

nated by impedance Z;, to produce 

reflected waves unless Z, = Zo, the 
characteristic impedance 


A wave travelling to the right (V,, I.) may be reflected to produce a wave 
Cv, £2. 

The boundary conditions at Z; must be V,+V_=V;,, where V, is the 
voltage across the load and I, + J_= I. In addition V../I,. = Zp, V_/I_-= — Zo 
and V,/I, = Z,. It is easily shown that these equations yield 


Va 34a SeO 
Vi 2p Foo 
(the voltage amplitude reflexion coefficient), 
i. es Zo Se ZL 
I Let Le 
(the current amplitude reflexion coefficient), 
Va Be 2Ze 
Va 24a tee 
and 
[,__2Zo 
if, fe tZe 


in complete correspondence with the reflexion and transmission coefficients we 
have met so far. (See summary on page 412.) 

We see that if the line is terminated by a load Z,; = Zp, its characteristic 
impedance, the line is matched, all the energy propagating down the line is 
absorbed and there is no reflected wave. When Z, = Zp, therefore, the wave in 
the positive direction continues to behave as though the transmission line were 
infinitely long. 
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Short Circuited Transmission Line (Z, =@) 


If the ends of the transmission line are short circuited (fig. 6.4), Z, =0, and 
we have 


V, = V,+ V_=0 


so that V, = — V_, and there is total reflexion with a phase change of 77. But this 


Voltage 


Current 


Fig. 6.4. Short circuited transmission 

line of length (2n+1)A/4 produces a 

standing wave with a current maximum 
and zero voltage at end of line 


is the condition, as we saw in an earlier chapter, for the existence of standing 
waves; we shall see that such waves exist on the transmission line. 
At any position x on the line we may express the two voltage waves by 


Vi = Zool, = Vor P spear 


and 
where, with total reflexion and 7 phase change, Vo, = — Vo_. The total voltage 
at x is 


V, =(Vi+ V_) = Vor(e™* —e"™*) e = (-i)2 Vox sin kx e” 


and the total current at x is 


i, =f, 71)= Vos (ike +ei**) eit = BM ox cos kx e'”" 
Zo Zo 

We see then that at any point x along the line the voltage V,, varies as sin kx 
and the current [,. varies as cos kx, so that voltage and current are 90° out of 
phase in space. In addition the —1i factor in the voltage expression shows that 
the voltage lags the currrent 90° in time, so that if we take the voltage to vary 
with cos wt from the e’” term, then the current will vary with —sin wt. If we 
take the time variation of voltage to be as sin wt the current will change with 
COS wl. 

Voltage and current at all points are 90° out of phase in space and time, and 
the power factor cos ¢ = cos 90° = 0, so that no power is consumed. A standing 
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wave system exists with equal energy propagated in each direction and the total 
energy propagation equal to zero. Nodes of voltage and current are spaced 
along the transmission line as shown in fig. 6.4, with I always a maximum where 
V =0 and vice versa. 

If the current J varies with cos wt it will be at a maximum when V = 0; when 
V is a maximum the current is zero. The energy of the system is therefore 
completely exchanged each quarter cycle between the magnetic inertial energy 
$L ol * and the electric potential energy $CoV’. 


(Problems 6.3, 6.4, 6.5, 6.6, 6.7, 6.8, 6.9, 6.10, 6.11) 


Effect of Resistance in a Transmission Line 


The discussion so far has concentrated on a transmission line having only 
inductance and capacitance, i.e. wattless components which consume no 
power. In practice, of course, no such line exists: there is always some 
resistance in the wires which will be responsible for energy losses. We shall take 
this resistance into account by supposing that the transmission line has a series 


Or 
I idx Aax I+ 5 dx 
VQYUQYY 
V Gax v+%%dx 
fo) Ox 


Fig. 6.5. Real transmission line element includes a series resis- 
tance Ro ohms per unit length and a shunt conductance Go 
siemens per unit length 


resistance Ry ohms per unit length and a short circuiting or shunting resistance 
between the wires, which we express as a shunt conductance (inverse of 
resistance) written as Gp, where Go has the dimensions of siemens per metre. 
Our model of the short element of length dx of the transmission line now 
appears in fig. 6.5, with a resistance Ry dx in series with Lodx and the 
conductance Gy dx shunting the capacitance Cp dx. Current will now leak 
across the transmission line because the dielectric is not perfect. We have seen 
that the time-dependence of the voltage and current variations along a> 
transmission line may be written 


V=V,e" and I=he™ 
so that 


ab: 3 OM Hs 
Lo. = lolol and Cos, = iwCo V 
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The voltage and current changes across the line element length dx are now 
given by 


V I 

Se Fe fs (Ri id) (6.1a) 
Ox ot 

al aV 

—=—Cy—- G,V = —(GotiwC) V (6.2a) 
Ox ot 


since (Gp dx) V is the current shunted across the condenser. Inserting 0/dx of 
equation (6.1a) into equation (6.2a) gives 

a°V 

ax- = = (Ro + iol.) = = (Ro + iwL»)(Go + iwCp) V= Y *y 
where y’ =(Ro+iwL)(GotiwCp), so that y is a complex quantity which may 
be written 


y=artik 
Inserting 0/dx of equation (6.2a) into equation (6.1a) gives 


aI 
ox? ~(Got iC.) — = (Rot iwlo)(Go+iwCo)I = y"I 


an equation similar to that for V. 
The equation 


—z-y V=0 (6.5) 


has solutions for the x-dependence of V of the form 
VEAE™ 16 V=SBRe"* 


where A and B are constants. 7 
We know already that the time-dependence of V is of the form e“’, so that 
the complete solution for V may be written 


V=(Ae *+Be”)e™ 
or, since y=a +ik, 
V= (A a ee +B e°* — a 
a A Pe alt 2 ane ger ee) 

The behaviour of V is shown in fig. 6.6—a wave travelling to the right with an 
amplitude decaying exponentially with distance because of the terme ““ anda 
wave travelling to the left with an amplitude aa exponentially with 
distance because of the term e** 


In the expression y =a +ik, y is called the propagation constant, a is called 
the attenuation or absorption coefficient and k is the wave number. 
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Fig. 6.6. Voltage and current waves in both direc- 

tions along a transmission line with resistance. The 

effect of the dissipation term is shown by the 
exponentially decaying wave in each direction 


The behaviour of the current wave I is exactly similar and since power is the 
product VI, the power loss with distance varies as (e °**), that is, ase ~**. 

We would expect this behaviour from our discussion of damped simple 
harmonic oscillations. When the transmission line properties are purely induc- 
tive (inertial) and capacitative (elastic), a pure wave equation with a sine or 
cosine solution will follow. The introduction of a resistive or loss element 
produces an exponential decay with distance along the transmission line in 
exactly the same way as an oscillator is damped with time. 

Such a loss mechanism, resistive, viscous, frictional or diffusive, will always 
result in energy loss from the propagating wave. THese are all examples of 
random collision processes which operate in only one direction in the sense that 
they are thermodynamically irreversible. At the end of this chapter we shall 
discuss their effects in more detail. 


Characteristic Impedance of a Transmission Line with Resistance 


In a lossless line we saw that the ratio V./L, = Z)=VL,/Cy= Zp) ohms, a 
purely resistive term. In what way does the introduction of the resistance into 
the line affect the characteristic impedance? 

The solution to the equation 0°I/dx* = y7I may be written (for the x- 
dependence of I) as 


[=A 22542 
so that equation (6.2a) 


Ox 
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gives 
=< y(A! "eee = B' e”*) =a (Go t+iwC,) V 


Or 


V (Ro +iwLo)(Go +iwC>) 
ee eee ATS FW tee Ve Ye 
Gy +1iwCo ( ¥ 4 3 ) ¥ 
But, except for the e’”’ term, 
ae = s. 


the current wave in the positive x-direction, so that 


Rot+iwLlo 
ys = VV 

Gia, 
Vv. j{Rtiol, _ 
—— = ————— = Zo 
t Got+iwCo 


for a transmission line with resistance. Similarly B’ e”™* = I_ and 


VL /Rot+ioLo 1 
— = —— Seo ae = £6 
5S Go t+iwCp 


The presence of the resistance term in the complex characteristic impedance 
means that power will be lost through Joule dissipation and that energy will be 
absorbed from the wave system. 

We shall discuss this aspect in some detail in the next chapter on elec- 
tromagnetic waves, but for the moment we shall examine absorption from a 
different (although equivalent) viewpoint. 


Or 


(Problems 6.12 and 6.13) 


THE DIFFUSION EQUATION AND ENERGY ABSORPTION 
IN WAVES 


On_page 24 of Chapter 1 we discussed quite briefly the effect of random 
processes. We shall now look at this in more detail. The wave equation 


ao _10¢ 

de eer 
is only one of a family of equations which have a double differential with 
respect to space on the left hand side. 
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In three dimensions the left hand side would be of the form 


1G Fo, FoF 

ax? ay? az 
which, in vector janguage, is called the divergence of the gradient or div grad 
and is written Vd. nit 9 


Five members of this family of equations may be written (in one ee 
as 


(1) Laplace’s Equation 


a 


pe —5=0 (for d(x) only)t 


(2) Poisson’s Equation 
“o 
oo constant (for ¢(x) only) 


(3) Helmholtz Equation 
es 
—5 = constant x 


(4) Diffusion Equation 
a ap 


—>5 = +Vve constant x — 
Ox ot 


(5) Wave Equation 


ab - 
Sy Ve COs 
Ox ot 

Laplace’s and Poisson’s equations occur very often in electrostatic field 
theory and are used to find the values of the electric field and potential at any 
point. We have already met the Helmholtz-equation in this chapter as equation 
(6.5), where the constant was positive (written y *) and we have seen its 
behaviour when the constant is negative, for it is then equivalent to the 
equation for simple harmonic motion except that here the variable 1 is space and 
not time. The constant in the wave equation is of course 1 /c? where C Js the 
wave velocity. Where the wave equation has an ‘acceleration’ or 0 *p/at* term 
on the right hand side, the diffusion equation has a ‘velocity’ or 0¢/dt term. 

All equations, however, have the same term 0 */dx’ on the left hand side, 
and we must ask ‘what is its physical significance?’ 

We know that the values of the scalar ¢@ will depend upon the point in space 
at which it is measured. Suppose we choose some point at which @ has the value 
¢, and surround this point by a small cube of side /, over the volume of which ¢ 
may take other values. If the average value of @ over the small cube is written 


$ 
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é, then the difference between the average ¢@ and the value at the centre of the 
cube dp is given by 

= ib, ad <2) 

— @o = constant x pee ae 
}— ho ax? ay? az) 
is statement is proved in the appendix at the end of this section and is readily 

understood by those familiar with triple inte gration /T he left hand side of any of 
these equations therefore measures the value 


b— dbo 


In Laplace’s equation the difference is zero, so that @ has a constant value 
over the volume considered. Poisson’s equation tells us that the difference is 
constant and Helmholtz equation states that the value of ¢ at any point in the 
volume is proportional to this difference. The first two equations are ‘steady 
state’, i.e. they do not vary with time. 

The Helmholtz equation states that if the constant is positive the behaviour 
of é with space grows or decays exponentially, e.g. y is positive in equation 
(6.5), but if the constant is negative, @ will vary sinusoidally or cosinusoidally 
with space as the displacement varies with time in simple harmonic motion and 
the equation becomes the time independent wave equation for standing waves. 
This equation says nothing about the time behaviour of ¢, which will depend 
only upon the function ¢ itself. 

Both the diffusion and wave equations are time-derivative dependent. The 
diffusion equation states that the ‘velocity’ or change of ¢ with time at a point in 
the volume is proportional to the difference ¢ — do, whereas the wave equation 
states that the ‘acceleration’ 0° ¢/dt* depends on this difference. 

The wave equation recalls the simple harmonic oscillator, where the differ- 
ence from the centre (x = 0) was a measure of the force or acceleration term; 
both the oscillator and the wave equation have time varying sine and cosine 
solutions with maximum velocity d¢/dt at the zero displacement from equili- 
brium, that is where the difference ¢ — ¢y = 0. 

The diffusion equation, however, describes a different kind of behaviour. It 
describes a non-equilibrium situation which is moving towards equilibrium at a 
rate governed by its distance from equilibrium, so that it reaches equilibrium in 
a time which is theoretically infinite. Readers will have already met this 
situation in Newton’s Law of Cooling, where a hot body at temperature To 
stands in a room of lower temperature T. The rate at which the body cools, i.e. 
the value of dT/dt, depends on T— Tp; a cooling graph of this experiment is 
given in fig. 6.7. The greatest rate of cooling occurs when the temperature 
difference is greatest and the process slows down as the system approaches 
equilibrium. Here, of course, T— Tp and dT/dt are both negative. 

All non-equilibrium processes of this kind are unidirectional in the sense that 
they are thermodynamically irreversible. They involve the transport of mass in 
diffusion, the transport of momentum in friction or viscosity and the transport 
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Newton's Cooling Curve 


fi 
of hot body 


Temperature 


Room 7— 
Temperature 


Fig. 6.7. Newton’s cooling curve 

shows that the rate of cooling of a 

hot body d7/dt depends on the 

temperature difference between 

the body and its surrounding, this 

difference being directly meas- 
ured by 0° T/dx* 


of energy in conductivity. All such processes involve the loss of useful energy 
and the generation of entropy. 

They are all processes which are governed by random collisions, and we 
found in the first chapter, where we added vectors of constant length and 
random phase, that the average distance travelled by particles involved in these 
processes was proportional, not to the time, but to the square root of the time. 

Rewriting the diffusion equation as 


we see that the dimensions of the constant d, called the diffusivity, are given by 


LOLS 
length d time 


so that d has the dimensions of length*/time. The interpretation of this as the 
square of a characteristic length varying with the square root of time has 
already been made in Chapter 1. 

In a viscous process d is given by 7/p, where 7 is the coefficient of viscosity 
and p is the density. In thermal conductivity d= K/pC,, where K is the 
coefficient of thermal conductivity, p is the density and C, is the specific heat at 
constant pressure. 

A magnetic field which is non-uniformly distributed in a conductor has a 
diffusivity d =(uo) ', where p is the permeability and o is the conductivity. 
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Brownian motion is one of the best known examples of random collision 
processes. The distance x travelled in time ¢t by a particle suffering multiple 
random collisions is given by Einstein’s diffusivity relation 
ee 

t 


ie 67nN 


The gas law, pV = RT, gives RT as the energy of a mole of such particles at 
temperature T; a mole contains N particles, where N is Avogadro’s number 
and RT/N=kT, the average energy of the individual particles, where k is 
Boltzmann’s constant. 

The process is governed, therefore, by the ratio of the energy of the particles 
to the coefficient of viscosity, which measures the frictional force. The higher 
the temperature, the greater is the energy, the less the effect of the frictional 
force and the greater the average distance travelled. 


Wave Equation with Diffusion Effects 


In natural systems we can rarely find pure waves which propagate free from the 
energy-loss mechanisms we have been discussing; but if these losses are not too 
serious we can describe the total propagation in space and time by a combina- 
tion of the wave and diffusion equations. 

If we try to solve the combined equation 


ap 1b, 1ad 
x oar Aa 
we shall not obtain a pure sine or cosine solution. 
Let us try the solution 


m 


where @,,, is the maximum amplitude. This gives 


9 
2 2 1.90)... -.@ 
ry 1-22; 
C d 
or 
2 
2 W @ 
: ee Se 
Cc 


giving a complex value for y. But w/c’ =k*, where k is the wave number, and 
if we put y= k—ia we obtain 


y? =k? —2ika-—a?~k?—ika ifa«k 
The solution for @ then becomes 


db as Din Pia od = hm a FA ted 
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1.e€. a sine or cosine oscillation of maximum amplitude @¢,, which decays 
exponentially with distance. The physical significance of the condition a « k = 
27r/ is that many wavelengths A are contained in the distance 1/a before the 
amplitude decays to ¢,, e at-x= 1/a. Diffusion mechanisms will cause 
attenuation or energy loss from the wave; the energy in a wave is proportional 
to the square of its amplitude and therefore decays as e ~“*. 


(Problems 6.14, 6.15, and 6.16) 


Appendix 


Physical interpretation of 
ap + a ad = Vv" b 
ax” ~ dy” az 


At acertain point O of the scalar field, 6 = @p. Constructing a cube around the 
point O having sides of length / gives for the average value over the cube 


volume 
= +1/2 
or=| | | od dx dy dz 
—1/2 


Expanding @ about the point O by a Taylor series gives 


Schott Gay)o? oa) 
b= do (<< = ay Be a - 
AGS) "+ G2), | 
+=| (—5) x°+(—S5} y+(—S 
| ax? - ay? e az A: 
z 2 2 
0 
+( : °) ry+(=") yz+( °.) ZX + 
Oxdy/o dydzZ/o0 0Z0X/0 
Integrating from — 1/2 to +1/2 removes all the functions of the form 
FE), ant (5) 
——1 % xy 
0x/o0 dxdy/o 


whose integrals are zero, leaving, since 


+1/2 : 15 
x dx dy dz=— 
JJ J), Pardyae=5 


5 2 2 ~ 
Ree Sees) 


BD? =. bel? +—| eet 
Oe Te ae dy’ az? 
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Problem 6.1 


The figure shows the mesh representation of a transmission line of inductance Lo per 


unit length and capacitance Cy per unit length. Use equations of the form 
d d 
T2y—-T,=—4,;= Co dx — V, 
een ee 
and 
d 
Lo dx are’ = V, a Vi41 


together with the method of the final section of Chapter 3 to show that the voltage 
and current wave equations are 


ee 
and 
eae 


Problem 6.2 


Show that the characteristic impedance for a pair of Lecher wires of radius r and 
separation d in a medium of permeability ~ and permittivity € is given by 


1 d 
LZo=— JP ton. 
aw Ne r 
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Problem 6.3 


In a short-circuited lossless transmission line integrate the magnetic (inductive) energy 
+L,I* and the electric (potential) energy $Cy V’ over the last quarter wavelength (0 to 
— }/4) to show that they are equal. 


Problem 6.4 


Show, in problem 6.3, that the sum of the instantaneous values of the two energies over 
the last quarter wavelength is equal to the maximum value of either. 


Problem 6.5 

Show that the impedance of a real transmission line seen from a position x on the line is 
given by 

Ae "—BEe”* 

Ae “™+Be'™ 

where y is the propagation constant and A and B are the current amplitudes at x = 0 of 


the waves travelling in the positive and negative x-directions respectively. If the line has 
a length / and is terminated by a load Z,, show that 


Ae “—Be™” 
Ae”“+Be” 


Z,=Zo 


Z, =Lo 


Problem 6.6 
Show that the input impedance of the line of problem 6.5, that is, the impedance of the 
line at x = 0, is given by 


Zo sinh yl + Z, cosh yl 
2 eee 
Z, cosh yl + Z, sinh yl 

(Note: 2 cosh yl =e” +e” 


2 sinh yl =e” —e ”) 


Problem 6.7 
If the transmission line of problem 6.6 is short-circuited, show that its input impedance 
is given by 


YB = Lo tanh yl 
and when it is open-circuited the input impedance is 
Zoc = Zo coth yl 


By taking the product of these quantities, suggest a method for measuring the 
characteristic impedance of the line. 


Problem 6.8 
Show that the input impedance of a short-circuited loss-free line of length | is given by 


[L 27 
Z,=1 tan 
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and by sketching the variation of the ratio Z,/V Lo/C, with l, show that for / just greater 
than (2n +1)A/4, Z, is capacitative, and for / just greater than nA/2 it is inductive. (This 
provides a positive or negative reactance to match another line.) 


Problem 6.9 


Show that a line of characteristic impedance Z, may be matched to a load Z,by a 
loss-free quarter wavelength line of characteristic impedance Z,, if Z7,= ZoZ,. 
(Hint—calculate the input impedance at the Z,Z,,, junction.) 


Problem 6.10 


Show that a short-circuited quarter wavelength loss-free line has an infinite impedance 
and that if it is bridged across another transmission line it will not affect the fundamental 
wavelength but will short-circuit any undesirable second harmonic. 


Problem 6.11 


Show that a loss-free line of characteristic impedance Z, and length nA/2 may be used to 
couple two high frequency circuits without affecting other impedances. 


Problem 6.12 


In a transmission line with losses where R,/wL, and G,/wC, are both small quantities 
expand the expression for the propagation constant 


—— [(Ro +iwLo)(Got+ iwCy)]'/” 


to show that the attenuation constant 


e=— += a 
22, 2 


¢) 0 


and the wave number 


@W 
k=o | oe Oe 
Uv 


Show that for Gy=0 the QO value of such a line is given by k/2a. 


Problem 6.13 
Expand the expression for the characteristic impedance of the transmission line of 
problem 6.12 in terms of the characteristic impedance of a lossless line to show that 
if 

os 

in. & 
the impedance remains real because the phase effects introduced by the series and shunt 
losses are equal but opposite. 


Problem 6.14 


The wave description of an electron ot total energy E in a potential well of depth V over 
the region 0< x </ is given by Schrédinger’s time independent wave equation 
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where m is the electron mass and h is Plancks constant. (Note that V=0 within the 
well.) 


Show that for E > V (inside the potential well) the solution for & is a standing wave 
solution but for E < V (outside the region 0 < x <1) the x dependence of & is e~ * where 


2 
y=—V2m(V-E) 


Problem 6.15 


A localized magnetic field H in an electrically conducting medium of permeability w and 
conductivity o will diffuse through the medium in the x-direction at a rate given by 


Show that the time of decay of the field is given approximately by L*wo, where L is 
the extent of the medium, and show that for a copper sphere of radius 1 metre this time is 
less than 100 seconds. 


pw. (copper) = 1:26 x 10° henries per metre 


o (copper) = 5:8 x 10’ siemens per metre 


(If the earth’s core were molten iron its field would freely decay in approximately 
15 x 10° years. In the sun the local field would take 10°° years to decay. When a is very 
high the local field will change only by being carried away by the movement of the 
medium—such a field is said to be ‘frozen’ into the medium—the field lines are stretched 
and exert a restoring force against the motion.) 


Problem 6.16 
A point x, at the centre of a large slab of material of thermal conductivity k, specific heat 
C and density p has an infinitely high temperature T at a time f. If the heat diffuses 
through the medium at a rate given by 

oT _ & FF we 


| at pC ax? ~ ax? 
show that the heat flow along the x-axis is given by 
fla, t)=—- 
Jo 


TF 
where 


a=(x—-X,.) and r= 


1 
2Vat 
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by inserting this solution in the differential equation. The solution is a Gaussian 
function; its behaviour with x and t in this problem is shown in fig. 9.12. At (xo, fo) the 
function is the Dirac delta function. The Gaussian curves decay in height and widen with 
time as the heat spreads through the medium, the total heat, i.e. the area under the 
Gaussian curve, remaining constant. 


Summary of Important Results 


Lossless transmission line 
Inductance per unitlength =Lpo or wp 
Capacitance per unitlength= Cp or € 


Wave equation 


eV 1aV 

7 = arg (voltage) 
eI 1071 

—5 = —5 = (current) 
x <0 vt 

phase velocity 
p= : or a 
LoCo Me 


Characteristic impedance 


Zo= =e ee or Jt (for right going wave) 
vl Co € 


(— Zp for left going wave) 


Transmission line with losses 


Resistance Ro per unit length 
Shunt conductance Gp per unit length 
Wave equation takes form 


2 
cin y v) =0 (same for I) 
x 


where y =a +ik is the propagation constant 
qa = attenuation coefficient 


k = wave number 
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giving 
V=A — ar te a a keer ee 


Characteristic impedance 


V Rot+iwL 
La aoe I aa (right going wave) 


(— Zo for left going wave) 


Wave attenuation 
Energy absorption in a medium described by diffusion equation 


db _ 1 ag: 
ax’ d at 


Add to wave equation to account for attenuation giving 


eo 19,1 d¢ 


ax’ cc’ OY id 
with exponentially decaying solution 


db oe as Penile bs 
m 


Chapter 7 


Electromagnetic Waves 


Earlier chapters have shown that the velocity of waves through a medium is 
determined by the inertia and the elasticity of the medium. These two proper- 
ties are capable of storing wave energy in the medium, and in the absence of 
energy dissipation they also determine the impedance presented by the 
medium to the waves. In addition, when there is no loss mechanism a pure wave 
equation with a sine or cosine solution will always be obtained, but this 
equation will be modified by any resistive or loss term to give an oscillatory 
solution which decays with time or distance. 

These physical processes describe exactly the propagation of electromagne- 
tic waves through a medium. The magnetic inertia of the medium, as in the case 
of the transmission line, is provided by the inductive property of the medium, 
i.e. the permeability 4, which has the units of henries per metre. The elasticity 
Or capacitive property of the medium is provided by the permittivity €, with 
units of farads per metre. The storage of magnetic energy arises through the 
permeability 4; the potential or electric field energy is stored through the 
permittivity e. 

If the material is defined as a dielectric, only wu and € are effective and a pure 
wave equation for both the magnetic field vector H and the electric field vector 
E will result. If the medium is a conductor, having conductivity o (the inverse 
of resistivity) with dimensions of siemens per metre, in addition to uw and e, then 
some of the wave energy will be dissipated and absorption will take place. 

In this chapter we will consider first the propagation of electromagnetic 
waves in a medium characterized by pw and e only, and then treat the general 
case of a medium having p, € and o properties. 


Maxwell’s Equations 


Electromagnetic waves arise whenever an electric charge changes its velocity. 
Electrons moving from a higher to a lower energy level in an atom will radiate a 
wave of a particular frequency and wavelength. A very hot ionized gas 
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consisting of charged particles will radiate waves over a continuous spectrum as 
the paths of individual particles are curved in mutual collisions. This radiation 
is called ‘Bremsstrahlung’. The radiation of electromagnetic waves from an 
aerial is due to the oscillatory motion of charges in an alternating current 
flowing in the aerial. 

Fig. 7.1 shows the frequency spectrum of electromagnetic waves. All of these 
waves exhibit the same physical characteristics. 


Energy 


Frequency 
hertz . 
10 


Frequency hertz 
Co Ce ew 


metres 


Fig. 7.1. Wavelengths and frequencies in the electro- 
magnetic spectrum 


It is quite remarkable that the whole of electromagnetic theory can be 
described by the four vector relations in Maxwell’s equations. In examining 
these relations in detail we shall see that two are steady state, that is, 
independent of time, and that two are time-varying. 

The two time-varying equations are mathematically sufficient to produce 
separate wave equations for the electric and magnetic field vectors, FE and H, 
but the steady state equations help to identify the wave nature as transverse. 

The first time-varying equation relates the time variation of the magnetic 
induction, wH= B, with the space variation of E, that is 


3 ee = 
- (4H) is connected with-— (say) 


This is nothing but a form of Lenz’s or Faraday’s Law, as we shall see. 
The second time-varying equation states that the time variation of €E defines 
the space variation of H, that is 


9 ee) = i 
= (€E) is connected with=— (say) 


Again we shall see that this is really a statement of Ampere’s Law. 

These equations show that the variations of E in time and space affect those 
of H and vice versa. E and H cannot be considered as isolated quantities but 
are interdependent. 
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The product €E has dimensions 


farads volts _ charge 
metre metre area 


This charge per unit area is called the displacement charge D = €E. 

Physically it appears in a dielectric when an applied electric field polarizes 
the constituent atoms or molecules and charge moves across any plane in the 
dielectric which is normal to the applied field direction. If the applied field is 
varying or alternating with time we see that the dimensions of 


= (ek) 
ot dt 


___ charge 
time X area 


current per unit area. This current is called the displacement current. It is 
comparatively simple to visualize this current in a dielectric where physical 
charges may move—it is not easy to associate a displacement current with free 
space in the absence of a material. 

Consider what happens in the electric circuit of fig. 7.2 when the switch is 
closed and the battery begins to charge the condenser C to a potential V. A 
current J obeying Ohm’s Law (V = IR) will flow through the connecting leads 
as long as the condenser is charging and a compass needle or other magnetic 
field detector placed near the leads will show the presence of the magnetic field 
associated with that current. But suppose a magnetic field detector (shielded 
from all outside effects) is placed in the region between the condenser plates 
where no ohmic or conduction current is flowing. Would it detect a magnetic 
field? The answer is yes; all the magnetic field effects from a current exist in this 


I 
Battery 
Switch 
closed . 
R Magnetic 


Field ? 


Fig. 7.2. In this circuit, when the switch is 
closed the conduction current charges the 
condenser. Throughout charging the quan- 
tity €E in the volume of the condenser is 
changing and the displacement current per 
unit area 0/dt (€E) is associated with the 
magnetic field present between the con- 
denser plates 
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region as long as the condenser is charging, that is, as long as the potential 
difference and the electric field between the condenser plates are changing. 

It was Maxwell’s major contribution to electromagnetic theory to assert that 
the existence of a time-changing electric field in free space gave rise to a 
displacement current. The same result follows from considering the conserva- 
tion of charge. The flow of charge into any small volume in space must equal 
that flowing out. If the volume includes the top plate of the condenser the 
ohmic current through the leads produces the flow into the volume, while the 
displacement current represents the flow out. 

In future, therefore, two different kinds of current will have to be considered: 

(1) the familar conduction current obeying Ohm’s Law (V = JR) and 

(2) the displacement current of density 0D/0dt. 

In a medium of permeability u and permittivity e, but where the conductivity 
ao =0, the displacement current will be the only current flowing. In this case a pure 
wave equation for E and H will follow and there will be no energy loss or 
attenuation. 

When ao ~ Oa resistive element allows the conduction current to flow, energy 
loss will follow, a diffusion term is added to the wave equation and the wave 
amplitude will attenuate exponentially with distance. We shall see that the 
relative magnitude of these two currents is frequency-dependent and that their 
ratio governs whether the medium behaves as a conductor or as a dielectric. 


Electromagnetic Waves in a Medium having Finite Permeability yu and 
Permittivity « but with Conductivity c=0 


We shall consider a system of plane waves and choose the plane xy as that 

region over which the wave properties are constant. These properties will not 

vary with respect to x and y and all derivatives d/dx and d/dy will be zero. 
The first time-varying equation of Maxwell is written in vector notation as 


0 i) re) 
“pi = — :° ey 
ot hy OZ 
0 ) 0 
—j— A BB: tt 
oe meds Ox an 
0 fe) re) 
35 Fa ae eres 
ot Ox oy 


where the subscripts represent the component directions. The dimensions of 
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these equations may be written 


peice 
time length 


and multiplying each side by (length)” gives 
H 
ean xX area= E X length 
time 


i.e. 


total magnetic flux 
ers err nrmers =e VOLS 
time 
This is dimensionally of the form of Lenz’s or Faraday’s Law. 
The second time-varying equation of Maxwell is written in vector notation as 
dD OK 


curl H=V x H=— = e— 
ot ot 


This represents three component equations: 


“ee ee 
— = = 
9 9 F 
5: 7.2 
ge ee ai 
a a F 


e—b, = — H, ——=h, 
ot Ox oy 
The dimensions of these equations may be written 


currentl HA 
area length 


and multiplying both sides by a length gives 


Current" ~F ~ 
length length 
which is dimensionally of the form of Ampere’s Law (1.e., the circular magnetic 
field at radius r due to the current J flowing in a straight wire is given by 
H = 1/27r). Maxwell’s first steady state equation may be written 
dE, dE, = 
—*+—%4+—*) = 
ax oy —@2z 


div D=V.D=<¢( (7.3) 
where p is the charge density. This states that over a small volume element 
dx dy dz of charge density p the change of displacement depends upon the 
value of p. 
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When p = 0 the equation becomes 


oF, oF, oEF, 
¢( +4) = (7.3a) 
Ox Oy dz 


so that if the displacement D = €E is graphically represented by flux lines which 
must begin and end on electric charges, the number of flux lines entering the 
volume element dx dy dz must equal the number leaving it. 
The second steady state equation is written 
aH, , 0H, , oH, 


; =Yy 3 = ee + = : 
div B=V.B u(= ay =) 0 (7.4) 


Again this states that an equal number of magnetic induction lines enter and 
leave the volume dx dy dz. This is a physical consequence of the non-existence 
of isolated magnetic poles, i.e. a single north pole or south pole. 

Whereas the charge density p in equation (7.3) can be positive, i.e. a source 
of flux lines (or displacement), or negative, i.e. a sink of flux lines (or 
displacement), no separate source or sink of magnetic induction can exist in 
isolation, every source being matched by a sink of equal strength. 


The Wave Equation for Electromagnetic Waves 


Since, with these plane waves, all derivatives with respect to x and y are zero, 
equations (7.1) and (7.4) give 


0H, 


| 
co) 


0H, 

oo Q and 
therefore H, is constant in space and time and because we are considering only 
the oscillatory nature of H a constant H, can have no effect on the wave 
motion. We can therefore put H, =0. A similar consideration of equations 
(7.2) and (7.3a) leads to the result that E, =0. 

The absence of variation in H, and E, means that the oscillations or 
variations in H and E occur in directions perpendicular to the z-direction. We 
shall see that this leads to the conclusion that electromagnetic waves are 
transverse waves. 

In addition to having plane waves we shall simplify our picture by consider- 
ing only plane-polarized waves. 

We can choose the electric field vibration to be in either the x or y direction. 


Let us consider E, only, with E, = 0. In this case equations (7.1) give 
die. OF, 
Ao, aay (7.1a) 
ot OZ 


and equations (7.2) give 
BF erate 


€ re (7.2a) 
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Using the fact that 


: 


dzot dtaz 


it follows by taking 0/dt of equation (7.1a) and 0/dz of equation (7.2a) that 
a a 


at = wea Hy (the wave equation for Hy) 
Similarly, by taking d/dt of (7.2a) and 0/dz of (7.1a), we obtain 
a 


2 
rer =ye<aE, (the wave equation for E,) 


Thus the vectors E, and H, both obey the same wave equation, propagating 
in the z-direction with the same velocity v* = 1/e. In free space the velocity is 
that of light, that is, c*=1 / o€o, Where [Lo is the permeability of free space and 
€, is the permittivity of free space. 

The solutions to these wave equations may be written, for plane waves, as 


2 

E, = Epsin ip. Sak 
2 

Hy, = Ho sin" (ot - z) 


where E, and Hp are the maximum amplitude values of E and H. Note that the 


E=E, sin (vt-z) 


H=H sin si (vf- 2) 
ys fe) 


= 


Fig. 7.3. In a plane-polarized electro- 
magnetic wave the electric field vector E, 
and magnetic field vector H, are perpen- 
dicular to each other and vary sinusoidally. 
In a non-conducting medium they are in 
phase. The vector product, E x H, is called 
the Poynting vector, and gives both the 
direction and quantity of energy flow per 
second across unit area in watts/ metre’ 
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sine (or cosine) solutions means that no attenuation occurs: only displacement 
currents are involved and there are no conductive or ohmic currents. 

We can represent the electromagnetic wave (E,, H,) travelling in the z- 
direction in fig. 7.3, and recall that because E, and H, are constant (or zero) the 
electromagnetic wave is a transverse wave. 

The direction of propagation of the waves will always be in the EXH 
direction; in this case, Ex H has magnitude E,H, and is in the z-direction. 

This product has the dimensions 


voltage X current _ electrical power 
length x length area 


measured in units of watts per metre’. 
The vector product, E x H, is called the Poynting vector; this measures the 
flow of energy per second across unit area. 


Illustration of Poynting Vector 


We can illustrate the flow of electromagnetic energy in terms of the Poynting 
vector by considering the simple circuit of fig. 7.4, where the parallel plate 
condenser of area A and separation d, containing a dielectric of permittivity e, 
is being charged to a voltage V. 


Dielectric 
permittivity « 


EH directed to 
condenser axis 


Fig. 7.4. During charging the Poynting 

vector E < His directed into the condenser 

volume. At the end of the charging the 

energy is totally electrostatic and equals 

the product of the condenser volume, Ad, 

and the electrostatic energy per unit vol- 
ume, seE e 
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Throughout the charging process current flows, and the electric and magne- 
tic field vectors show that the Poynting vector is always directed into the 
volume Ad occupied by the dielectric. 

The capacitance C of the condenser 1 is eA/d and the total energy of the 
condenser at potential V is $CV°’ joules, which is stored as electrostatic energy. 
But V=Ed, where E is the final value of the electric field, so that the total 
energy 


eA 


= (> 


“\E E’d? =4(€E’)Ad 


where Ad is the volume of the condenser. 
The electrostatic energy per unit volume stored in the condenser is therefore 
+¢E’ and results from the flow of electromagnetic energy during charging. 


Impedance of a Dielectric to Electromagnetic Waves 
If we put the solutions 

E, = Eo sin = (ot z) 
and 

Hy, = Ho sin = (ot z) 


in equation (7.1a) where 


_bthy Es 
eat az 
then 
. 3 
“wat, = ~i,, aa 2S 
[LE 
Vi H, =VeE 
that is 


Beas ft ake 
H. E€ Ho 


> 


which has the dimensions of ohms. 

The value Vp/e therefore represents the characteristic impedance of the 
medium to electromagnetic waves (compare this with the equivalent result 
V/I=VLo/Cp= Zp for the transmission line of the last chapter). 


196 The Physics of Vibrations and Waves 


In free space 


wa \ 2 = 376-7 ohms 
Ay Eo 


so that free space presents an impedance of 376-7 ohms to electromagnetic 
waves travelling through it. 
It follows from 


and therefore 


Both of these quantities have the dimensions of energy per unit volume, for 
instance e€E~ has dimensions 


farads_ volts’ __ joules 


x 5 3 
metre metres metres 


as we saw in the illustration of the Poynting vector. Thus for a dielectric the 
electrostatic energy 3¢€E. per unit volume in an electromagnetic wave equals 
the magnetic energy per unit volume 5H, and the total energy is the sum 
seE, +3pH,. 

This gives the instanteous value of the energy per unit volume and we know 
that, in the wave, 


E,, = Eo sin (277/A )(vt —z) 
and 
Hy = Ho sin (277/A )(vt —z) 


so that the time averaged value of the energy per unit volume is 


1 2 1 72 1 2 1 2 
2€E, +2, =4eEo +4uH 0 


oe = 
= 3€F 5 joules m 


Now the amount of energy in an electromagnetic wave which crosses unit 
area in unit time is called the intensity, J, of the wave and is evidently (5€EO)v 
where v is the velocity of the wave. 

This gives the time averaged value of the Poynting vector and, for an 
electromagnetic wave in free space we have 


[= 5$céeoE S = 3CuoH ; watts m ~- 
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(Problems 7.1, 7.2, 7.3, 7.4, 7.5, 7.6, 7.7, 7.8, 7.9, 7.10) 


Electromagnetic Waves in a Medium of Properties yz, € and o (where o ~ 0) 


From a physical point of view the electric vector in electromagnetic waves plays 
a much more significant role than the magnetic vector, e.g., most optical effects 
are associated with the electric vector. We shall therefore concentrate our 
discussion on the electric field behaviour. 

In a medium of conductivity a = 0 we have obtained the wave equation 


0°E, aE, 
TE a 
os © Or 


where the right hand term, rewritten 


dfo 
a at 
Mat Ec 
shows that we are considering a term 


0 So en 

a area 

When o £0 we must also consider the conduction currents which flow. These 
currents are given by Ohm’s Law as I = V/R, and we define the current density, 
that is, the current per unit area, as 


I 1 V 
SS GE 
Area RXLength Length 


where ga is the conductivity 1/(R <x Length) and E is the electric field. J = cE is 
another form of Ohm’s Law. 

With both displacement and conduction currents flowing, Maxwell’s second 
time-varying equation reads, in vector form, 


VXH=<D+J (7.5) 


each term on the right-hand side having dimensions of current per unit area. 
The presence of the conduction current modifies the wave equation by adding a 
second term of the same form to its right hand side, namely 


0 (—) a 0 4) 
— hich —(J)= uw—(cE 
Pe ee a aa 
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The final equation is therefore given by 


a a” a 
—; E. = pwe— E, + po— 
an E, = pea E,+ po = E, (7.6) 


and this equation may be derived formally by writing the component equation 
of (7.5) as 


a Faieadi (7.5a) 


together with 


ot az a) 
and taking d/dt of (7.5a) and 0/dz of (7.1a). We see immediately that the 
presence of the resistive or dissipation term, which allows conduction currents 
to flow, will add a diffusion term of the type discussed in the last chapter to the 
pure wave equation. The product (uc) is called the magnetic diffusivity, and 
has the dimensions L’T ’, as we expect of all diffusion coefficients. 

We are now going to look for the behaviour of F,, in this new equation, with 
the assumption that its time-variation is simple harmonic, so that E, = Eo eet 
Using this value in equation (7.6) gives 


dE, 
dz 


which is in the form of equation (6.5), written 


aE, 


°F =6 
ee 


where y = lwo — wpe. 
We saw in Chapter 6 that this produced a solution with the terme ” ore’, 
but we concentrate on the E, oscillation in the positive z-direction by writing 


—yz 


E, Fi, a e 


In order to assign a suitable value to y we must go back to equation (7.6) and 
consider the relative magnitudes of the two right-hand side terms. If the 
medium is a dielectric, only displacement currents will flow. When the medium 
is aconductor, the ohmic currents of the second term on the right hand side will 
be dominant. The ratio of the magnitudes of the conduction current density to 
the displacement current density is the ratio of the two right-hand side terms. 
This ratio is 
Bs ok, cE, oF, o 


aD/ot ~ a/at(eE,) ~ a/at(eE, eax iweE, iwe 
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We see immediately from the presence of i that the phase of the displacement 
current is 90° ahead of that of the ohmic or conduction current. It is also 90° 
ahead of the electric field E,, so the displacement current dissipates no power. 

For a conductor, where J>0o0D/ot, we have o»>we, and y° = 
io (wp) — we(wy) becomes 


y =10Wm 
to a high order of accuracy. 
Now 
+i 
whirdoae 
V2 
so that 
iJsZ 
2 
and 


EE, =Eg¢.e 


= Bye one 2/22 eilor—(ouo/2)1/22] 


a progressive wave in the positive z-direction with an amplitude decaying with 
—(wuo/2)1/2 
Getactore 
Note that the product wuo has dimensions SS: 


(Problem 7.11) 


Skin Depth 


After travelling a distance 


51/2 
(2 
Who 


in the conductor the electric field vector has decayed to a value FE, = Eo e ': this 
distance is called the skin depth (fig. 7.5). 

For copper, with w ~ wo and a = 5-8 x 10’ siemens/metre at a frequency of 
60 Hertz, 6 ~9 mm; at 1 MHertz, 6 ~ 6-6 x 10° ° metres and at 30,000 MHertz 
(radar wavelength of 1 cm), 6 ~3-8 Xx 10 ’ metres. 

Thus high frequency electromagnetic waves propagate only a very small 
distance in a conductor. The electric field is confined to a very small region at 
the surface; significant currents will flow only at the surface and the resistance 
of the conductor therefore increases with frequency. We see also why a 
conductor can act to ‘shield’ a region from electromagnetic waves. 
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Free space Conductor 


eA EST 
EES 


=>) —< 
Gq 


Fig. 7.5. Electromagnetic waves in a 
dielectric strike the plane surface of a 
conductor, and the electric field vector Ep 
is damped to a value Eg e ' inadistance of 
(2/ wu)’ * the ‘skin depth’. This explains 
the electrical shielding properties of a 
conductor. A, is the wavelength in the 
conductor 


Electromagnetic Wave Velocity in a Conductor and Anomalous Dispersion 


The phase velocity of the wave v is given by 


ee 2w\ 1/2 

eS anes. eo ee = is 
When 6 is small v is small, and the refractive index c/v of a conductor can be 
very large. We shall see later that this can explain the high optical reflectivities 
of good conductors. The velocity v = w6 = 27rv6, so that A, in the conductor is 
276 and can be very small. Since v is a function of the frequency an electrical 
conductor is a dispersive medium to electromagnetic waves. Moreover, as the 
table below shows us, dv/dA is negative, so that the conductor is anomalously 
dispersive and the group velocity is greater than the wave velocity. Since 
c’/v? = pe/ Wo€o = M€,, Where the subscript r defines non-dimensional relative 
values and p/uo= LU, €/€, = €,, then for pw, ~ 1 


2 2 
€,D =C 
and 
0 23 ov 
—¢e=-- 
OA v gh: 


which confirms our statement in the chapter on group velocity that for de,/dA 
positive a medium is anomalously dispersive. We see too that c*/v’ =e, =n’, 
where n is the refractive index, so that the curve in fig. 2.9 showing the reactive 
behaviour of the oscillator impedance at displacement resonance is also 
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showing the behaviour of n. This relative value of the permittivity is, of course, 
familiarly known as the dielectric constant when the frequency is low. This 
identity is lost at higher frequencies because the permittivity is frequency- 
dependent. 


refractive 
frequency } poe ) U conductor = WO index 
Hertz (m) (m/ sec) (c/ etc? 
60 5000 km oxiG 3-2 9-510’ 
10° 300 m 6-6x10> 4-1x 107 7:3x10° 
3x10'° 10°7m 3-9x10’ 7-1x10* 4:2x 10° 


Note that A, =276 is very small, and that when an electromagnetic wave 
strikes a conducting surface the electric field vector will drop to about 1% of its 
surface value’in a distance equal to 2. = 4:66. Effectively therefore, the 
electromagnetic wave travels less than one wavelength into the conductor. 


(Problems 7.12, 7.13, 7.14) 


When is a Medium a Conductor or a Dielectric? 


We have already seen that in any medium having pe and o properties the 
magnitude of the ratio of the conduction current density to the displacement 
current density 


| o 


aD/at we 


a non-dimensional quantity. 

We may therefore represent the medium by the simple circuit in fig. 7.6, 
where the total current is divided between the two branches, a capacitative 
branch of reactance 1/we (ohms-metres) and a resistive branch of conductance 
o (siemens/metre). If o is large the resistivity is small, and most of the current 
flows through the o branch and is conductive. If the capacitative reactance 
1/mwe is so small that it takes most of the current, this current is the displace- 
ment current and the medium behaves as a dielectric. 

Quite arbitrarily we say that if 


J o 
weit aaa 
OD/dt we 


then conduction currents dominate and the medium is a conductor. If 


100 


dD/dt_ we 


> 100 
J 
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J 
total 
displacement conduction 
current we & f, current o E 
Reactance Conductivity 
a oh FR 


Fig. 7.6. A simple circuit showing 
the response of a conducting 
medium to an_ electromagnetic 
wave. The total current density J is 
divided by the parallel circuit in the 
ratio o/we (the ratio of the conduc- 
tion current density to the displace- 
ment current density). A large con- 
ductance o (small resistance) gives a 
large conduction current while a 
small capacitative reactance 1/we 
allows a large displacement current 
to flow. For a conductor a/we= 
100; for a dielectric we/o = 100. 
Note the frequency dependence of 
this ratio. At w ~ 10°" rad/sec cop- 
per is a dielectric to X-rays 


then displacement currents dominate and the material behaves as a dielectric. 
Between these values exist a range of quasi-conductors; some of the semi- 
conductors fall into this category. 

The ratio o/we is, however, frequency dependent, and a conductor at one 
frequency may be a dielectric at another. 

For copper, which has o=5:8X 10’ siemens/metre and €~€)= 
9x10 '* farads/metre, 


o 10'°° 


we frequency 


so up to a frequency of 10°° Hertz (the frequency of ultraviolet light) 7/we > 
100, and copper is a conductor. At a frequency of 10°° Hertz, however, (the 
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frequency of X-rays) we/o > 100, and copper behaves as a dielectric. This 
explains why X-rays travel distances equivalent to many wavelengths in 
copper. 

Typically an insulator has o= 10°’? siemens/metre and ¢«~10 
farads/metre, which gives 


— Zt 


so the conduction current is negligible at all frequencies. 


Why will an Electromagnetic Wave not Propagate into a Conductor? 


To answer this question we need only consider the simple circuit where a 
condenser C discharges through a resistance R. The voltage equation gives 


q 
++IR=0 
& 
and since J = dq/dt, we have 
d 


where qo is the initial charge. 

We see that an electric field will exist between the plates of the condenser 
only for a time t~ RC and will disappear when the charge has had time to 
distribute itself uniformly throughout the circuit. An electric field can only exist 
in the presence of a non-uniform charge distribution. 

If we take a slab of any medium and place a charge of density q at a point 
within the slab, the medium will behave as an RC circuit and the equation 

—t/RC 


=e 
becomes 


q=qoe "™*>qoe™ (A =< 
o=1/R 

The charge will distribute itself uniformly in a time t ~ e/a, and the electric field 
will be maintained for that time only. The time €/a is called the relaxation time 
of the medium (RC time of the electrical circuit) and it is a measure of the 
maximum time for which an electric field can be maintained before the charge 
distribution becomes uniform. 

Any electric field of a frequency v, where 1/v = t> e/a, will not be main- 
tained; only a high frequency field where 1/v = t<e/o will establish itself. 
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Impedance of a Conducting Medium to Electromagnetic Waves 


The impedance of a lossless medium is a real quantity. For the transmission line 
of Chapter 6 the characteristic impedance 


V. [Lo 
Zo=F = C — ohms 


0 


for an electromagnetic wave in a dielectric 


with FE, and H, in phase. 

We saw in the case of the transmission line that when the loss mechanisms of 
a series resistance Ry and a shunt conductance Gp were introduced the 
impedance became the complex quantity 


Z a /RotiaLo 
Got iwCo 


We now ask what will be the impedance of a conducting medium of properties 

p, € and o to electromagnetic waves? If the ratio of E, to H, is a complex 

quantity, it implies that a phase difference exists between the two field vectors. 
We have already seen that in a conductor 


E, ae Eo id A oe 


i(wt—d) e 7, 


where y =(1+i)(wpo/2)"’ *. and we shall now write H, = Hoe 
suggesting that H, lags E, by a phase angle ¢. This gives the impedance a“ 
the conductor as 


E, Eo “i¢ 
iL. 

Hy ae 
Equation (7.1a) gives 


JE, aH, 
=—_— a 
OZ ot 


so that 


— YE, = —iwnHy, 


Electromagnetic Waves 205 


and 
7 Fx ioe ____ ion) i(1—i) es" 
“HH, y @+d@poy2” (1+)0-) 


tsa) (Zo) = thu" 
2. o J2\oe 


e (4) “G aes z= (“#) S eit 
a vector of magnitude (wu/o)'’” and phase angle @ = 45°. Thus the magnitude 
_ Fo _ (#)"" 
C 
and Hy, lags E, by 45°. 
We can also express Z, by 


. 1/2 1/2 
; WL (wom 
-=Rt x=(24 + (<4) 
* ; 36, : 20 


and also write it 


= eee ME ie 
Ep € Mo O 
|Z.| = 376-6 ohms = \— 
e Vo 


At a wavelength A = 10°‘ m, ie. at a frequency v = 3000 MHertz, the value of 
we/o for copper is 2°9X10” and p,~e,~1. This gives a magnitude Z, = 
0-02 ohms at this frequency; for a = 0, Z, = 0, and the electric field vector F, 
vanishes, so we can say that when Z, is small or zero the conductor behaves as a 
short circuit to the electric field. This sets up large conduction currents and the 
magnetic energy is increased. 

In a dielectric, the impedance 


alia 
Soules € 


led to the equivalence of the electric and magnetic field energy densities, that is, 
2 3uH, = 4eE<. In a conductor, the magnitude of the impedance 


= (2) 
C 


of magnitude 
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so that the ratio of the magnetic to the electric field energy density in the wave is 


2HHy Mo _ oO 


s€E, € WIL WE 


We already know that this ratio is very large for a conductor for it is the ratio 
of conduction to displacement currents, so that in a conductor the magnetic 
field energy dominates the electric field energy and increases as the electric 
field energy decreases. 


Reflexion and Transmission of Electromagnetic Waves at a Boundary 


(i) Normal Incidence 


An infinite plane boundary separates two media of impedances Z, and Z, (real 
or complex) in fig. 7.7. 


Incident 


Internal reflexion Z< - Transmitted 


Fig. 7.7. Reflexion and transmission of an 

electromagnetic wave incident normally on a 

plane between media of impedances Z,; and 

Z>. The Poynting vector of the reflected 

wave (E XH), shows that either E or H may 

be reversed in phase, depending on the rela- 
tive magnitudes of Z, and Z, 


The electromagnetic wave normal to the boundary has the components 
shown where subscripts i, r and t denote incident, reflected and transmitted 
respectively. Note that the vector direction (E, x H,) must be opposite to that of 
(E; X H;) to satisfy the energy flow condition of the Poynting vector. 

The boundary conditions, from electromagnetic theory, are that the compo- 
nents of the field vectors E and H tangential or parallel to the boundary are 
continuous across the boundary. 

Thus 

E,;+ E, = E, 
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and 
H, + H, = A, 
where 
E; E, 
FF Sete a —Zy and qn? 


R Efe F 
EB, Z2tZ\ 
and the amplitude transmission coefficient 
a © __ 242 
E; 2Z2+Z1 


in agreement with the reflexion and transmission coefficients we have found for 
other waves. If the wave is travelling in air and strikes a perfect conductor of 
Z,= 0 at normal incidence then 


BE, 22-21 = 


aay =—] 
BE; ~<LotZy 
giving complete reflexion and 
£, 22 
BE, Zs 2 


Thus good conductors are very good reflectors of electromagnetic waves, e.g. 
lightwaves are well reflected from metal surfaces. (See Summary on page 412.) 


(ti) Oblique Incidence and Fresnel’s Equations for dielectrics 


When the incident wave is oblique and not normal to the infinite boundary 
of fig. 7.7 we may still use the boundary conditions of the preceding section 
for these apply to the tangential components of E and H at the boundary 
and remain valid. 

In fig. 7.8(a) H is perpendicular to the plane of the paper with tangential 
components H;, H, and H, but the tangential components of E become 


FE; cos 6,E,cos@ and &, cos ¢ respectively. 


In fig. 7.8(b) E is perpendicular to the plane of the paper with tangential 
components F£;, FE, and E, but the tangential components of H become H; cos @, 
H, cos 6 and H, cos @. 

Using these components in the expressions for the reflexion and transmission 
coefficients we have, for fig. 7.8(a) 


E,cos@_ E, cos ¢/H,—E; cos 6/H; 
E,;cos@ E, cos ¢/H,+E; cos 6/H; 
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(a) (b) 


Fig. 7.8. Incident, reflected and transmitted components of a plane polar- 
ized electromagnetic wave at oblique incidence to the plane boundary 
separating media of impedances Z, and Z>. The electric vector lies in the 
plane of incidence in (a) and is perpendicular to the plane of incidence in 


(b) 


SO 


Rete 
E; Z2cos@+2Z; cos 9 


where Rj is the reflexion coefficient amplitude when E lies in the plane of 
incidence. 
For the transmission coefficient in fig. 7.8(a) 


E, cos | 2E, cos ¢/H, 
E;cos@ E; cos 0/H;+E, cos ¢/H, 


SO 


E, 2Z2 COS @ 


A ca a oe esac eeenegeae 
E,; 2Z,cosé+Z2cosd 


A similar procedure for fig. 7.8(b) where E is perpendicular to the plane 
of incidence yields 
_ 22008 6 —Z,cosd 
~  Z,cos9+Z;1 cos 
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and 
= 22 cos 6 
~ Zotes@+Z, cos & 


Now the relation between the refractive index n of the dielectric and its 
impedance Z is given by 


nahn af HE = Ve, = Ze Spare 
: Mo€0 " Z (dielectric) 


where 


Hence we have 


Zi 5. sin 0 
2 71 sin d 


from Snell's Law and we may write the reflexion and transmission amplitude 
coefficients as 


_ tan (6 — 6) _ 4sin ¢ cos 6 
tan (6 +6)’ I” sin 2 +sin 26 
_ sin (¢@ —@) _2sing cos 6 
~~ sin (6 +6)’ ~~ sin(d@ +6) ° 


In this form the expressions for the coefficients are known as Fresnel’s 
Equations. They are plotted in fig. 7.9 for n2/n; = 1-5 and they contain several 
significant features. 

When @ is very small and incidence approaches the normal we have 0 >0 
and é >0 so that 


sin (6 —@)~ tan (6 —8)~(g —8) 


and 


(6+0@) J cde ni +n 


Thus the reflected intensity 
2 


R20 =7= (4-2) 
= i; nyt+n> 


~Q-:4 at an air-glass interface. 


We note also that when tan (9+¢) = and 6+ ¢@ = 90° then R= 0. 
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O-6 laf 


0-4 


O-2 
Brewster 


angle \ 


0 \ 
20° 40° 6, 60° 90° 
O02 


-0:4 


-0-6 a 
-O<¢ 
-1-:0 


Fig. 7.9. Amplitude coefficients R and T of reflexion 
and transmission for n2/n,=1:5. R, and Tj refer to the 
case when the electric field vector F lies in the plane of 
incidence. R, and T, apply when E is perpendicular to 
the plane of incidence. The Brewster angle @g defines 
6+ ¢ =90° when Rj; =0 and the reflected light is polar- 
ized with the E vector perpendicular to the plane of 
incidence. R, changes sign (phase) at 0g. When 6 < 6g, 
tan (¢ — @) is negative for n2/n;=1-5. When 6+¢=90°, 
tan (¢ + @) is also negative 


In this case only R, is finite and the reflected light is completely plane 
polarized with the electric vector perpendicular to the plane of incidence. 
This condition defines the value of the Brewster or polarizing angle 6, for, 
when 6 and ¢ are complementary cos 4g =sin @ so 


and 


N1Sin Og =Nn2 sin d =n COS Og 


tan 6g =n2/n, 


which, for air to glass defines 63 = 56°. 
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A typical modern laboratory use of the Brewster angle is the production 
of linearly polarized light from a He-Ne laser. If the window at the end of 
the laser tube is tilted so that the angle of incidence for the emerging light is 
6, and R;=0 then the light with its electric vector parallel to the plane of 
incidence is totally transmitted while some of the light with transverse polariz- 
ation (R ,) is reflected back into the laser off-axis. If the light makes multiple 
transits along the length of the tube before it emerges the transmitted beam 
is strongly polarized in one plane. 

More general but less precise uses involve the partial polarization of light 
reflected from wet road and other shiny surfaces where refractive indices are 
in the range nm = 1:3-1-6. Polarized windscreens and spectacles are effective 
in reducing the glare from such reflections. 


Refiexion from a Conductor (Normal Incidence) 


For Z, a conductor and Z; free space, the refractive index 


or ees « 

SS at+ia 
is complex, where 

a | Ho 
€0 

and 

‘ (2+) af 

20 


A complex refractive index must always be interpreted in terms of absorp- 
tion because a complex impedance is determined by a complex propagation 
constant, e.g. here Z, = iwp/y, so that 

1/2 
) 


1/2 


where 


(Mo) * 
iv 


The ratio E,/E; is therefore complex (there is a phase difference between the 
incident and reflected vectors) with a value 


re sie a0 Z} -atia~p -41—pfa+i 


E, Z+Z, atiat+B 1+B/ati 


where B/a > 1. 
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Since E,/E; is complex, the value of the reflected intensity J, = (E,/E;)° is 
found by taking the ratio of the squares of the moduli of the numerator and 
the denominator, so that 


IEP |Z.-Z,\" _(1-B/a)°+1 
IE; |Z.+Z,\? (1+B/a)?+1 


— Ae. =e 
7 2 2p/alt (Blaye As pes ee 


I, = 


=] 


so that 


= 1/2 é 1/2 
rat)" 
20 Ko 


Problems 7.15, 7.16, 7.17, 7.18, 7.19, 7.20, 7.21, 7.22, 7.23 


RT a a 


Problem 7.1 

Show that the concept of B*/2m (magnetic energy per unit volume) as a magnetic 
pressure accounts for the fact that two parallel wires carrying currents in the same 
direction are forced together and that reversing one current will force them apart. 
(Consider a point midway between the two wires.) Show that it also explains the motion 
of a conductor carrying a current which is situated in a steady externally applied 
magnetic field. 


Problem 7.2 

At a distance r from a charge e on a particle of mass m the electric field value is 
E =e/47re r*. Show by integrating the electrostatic energy density over the spherical 
volume of radius a to infinity and equating it to the value mc’ that the ‘classical’ radius of 
the electron is given by 


a =2:82x10 "m 


Problem 7.3 

The rate of generation of heat in a long cylindrical wire carrying a current I is I7R, where 
R is the resistance of the wire. Show that this Joule heating can be described in terms of 
the flow of energy into the wire from surrounding space and is equal to the product of the 
Poynting vector and the surface area of the wire. 


Problem 7.4 


Show that when a current is increasing in a long uniformly wound solenoid of coil radius 
r the total inward energy flow rate over a length / (the Poynting vector times the surface 
area 27rl) gives the time rate of change of the magnetic energy stored in that length of 
the solenoid. 


Problem 7.5 


The plane polarized electromagnetic wave (E,, H,) of this chapter travels in free space. 
Show that its Poynting vector (energy flow in watts per m’) is given by 


S = E,H, = cG€oE2 + 7M0H;) = céoE% 
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where c is the velocity of light. The intensity in such a wave is given by 


1 F 3 
i= aw a2 CégE” = 3CEQE inax 


Show that 
§ = 1-327X10 ° Ex. 
Emax = 27:45 §'/? volts metre’ 
Hoax = 7:3 X 10°? S’/? amps metre * 
Problem 7.6 


A light pulse from a ruby laser consists of a linearly polarized wave train of constant 
amplitude lasting for 10°* seconds and carrying energy of 0-3 joules. The diameter of 
the circular cross section of the beam is 5 x 10°* metres. Use the results of problem 7.5 
to calculate the energy density in the beam to show that the root mean square value of 
the electric field in the wave is 


2-4 10° volts metre ° 


Problem 7.7 


One square metre of the earth’s surface is illuminated by the sun at normal incidence by 
an energy flux of 1-35 kilowatts. Show that the amplitude of the electric field at the 
earth’s surface is 1010 volts/metre and that the associated magnetic field in the wave has 
an amplitude of 2-7 amps/metre (See Problem 7.5). The electric field energy density 
1¢E” has the dimensions of a pressure. Calculate the radiation pressure of sunlight upon 
the earth. 


Problem 7.8 


If the total power lost by the sun is equal to the power received per unit area of the 
earth’s surface multiplied by the surface area of a sphere of radius equal to the earth sun 
distance (15 x 10’ km), show that the mass per second converted to radiant energy and 
lost by the sun is 4:2 x 10° kilograms. (See problem 7.5.) 


Problem 7.9 


A radio station radiates an average power of 10° watts uniformly over a hemisphere 
concentric with the station. Find the magnitude of the Poynting vector and the 
amplitude of the electric and magnetic fields of the plane electromagnetic wave at a_ 
: : : * 
point 10 kilometres from the station. (See problem 7.5.) 


Problem 7.10 


A plane polarized electromagnetic wave propagates along a transmission line consisting 
of two parallel strips of a perfect conductor containing a medium of permeability w and 
permittivity e. A section of one cubic metre in the figure shows the appropriate field 
vectors. The electric field E, generates equal but opposite surface charges on the 
conductors of magnitude e£, coulombs per square metre. The motion of these surface 
charges in the direction of wave propagation gives rise to a surface current (as in the 
discussion associated with fig. 6.1). Show that the magnitude of this current is H, and 
that the characteristic impedance of the transmission line is 


Boil 
H. € 


y 
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1m 


1™ —— 


Problem 7.11 
Show that equation (7.6) is dimensionally of the form 


dI 
V=L— 
dt 


where V is a voltage, L is an inductance and J is a current. 


Problem 7.12 


Show that when a group of electromagnetic waves of nearly equal frequencies propa- 
gates in a conducting medium the group velocity is twice the wave velocity. 


Problem 7.13 
A medium has a conductivity o=10~' siemens/metre and a relative permittivity 
€, = 50, which is constant with frequency. If the relative permeability 4, =1, is the 
medium a conductor or a dielectric at a frequency of (a) 50 kiloHertz, and (b) 
10* MegaHertz? 

[€o = (367 x 10°)" farads/metre; 5 = 47 X 10°” henries/metre. ] 


Answer: (a) o/we = 720 (conductor) 
(b) o/we = 3.6 10 ° (dielectric). 


Problem 7.14 


The electrical properties of the Atlantic Ocean are given by 
e,= 81, pw, = 1, ao = 4-3 siemens/metre 


Show that it is a conductor up to a frequency of about 10 MegaHertz. What is the longest 
electromagnetic wavelength you would expect to propagate under water? 
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Problem 7.15 


Show that when a plane electromagnetic wave travelling in air is reflected normally from 
a plane conducting surface the transmitted magnetic field value H,~2H,, and that a 
magnetic standing wave exists in air with a very large standing wave ratio. If the wave is 
travelling in a conductor and is reflected normally from a plane conductor-air interface, 
show that E,~2E;. Show that these two cases are respectively analogous to a short- 
circuited and an open-circuited transmission line. 


Problem 7.16 


Show that in a conductor the average value of the Poynting vector is given by 
Sv =3E Ho cos 45° 
=1!H?x (real part of Z,) watts/metre* 


where E, and H, are the peak field values. A plane 1000 MHertz wave travelling in air 
with E, = 1 volt/metre is incident normally on a large copper sheet. Show firstly that the 
real part of the conductor impedance is 8-2 x 10 ° ohms and then (remembering from 
problem 7.15 that Hy doubles in the conductor) show that the average power absorbed 
by the copper per square metre is 1-6 x 10°’ watts. 


Problem 7.17 


For a good conductor e, = 4, = 1. Show that when an electromagnetic wave is reflected 
normally from such a conducting surface its fractional loss of energy (1 —reflection 
coefficient I,) is exactly /8we/o. Note that the ratio of the displacement current density 
to the conduction current density is therefore a direct measure of the reflectivity of the 
surface. 


Problem 7.18 


Using the value of the Poynting vector in the conductor from problem 7.16, show that 
the ratio of this value to the value of the Poynting vector in air is exactly V8we/o, as 
expected from problem 7.17. 


Problem 7.19 


The electromagnetic wave of problems 7.17 and 7.18 has electric and magnetic field 
magnitudes in the conductor given by 


E =A a= ellerkz) 
x 
and 


Co 1/2 
H -a(=) oe et) pat 
y wou 
where k =(wpo/2)"”’. 

Show that the average value of the Poynting vector in the conductor is given by 


Co 1/2 
S.y=sA° (=) e ?*? (watts/metre’) 
2op 

This is the power absorbed per unit area by the conductor. We know, however, that 
the wave propagates only a distance of the order of the skin depth, so that this power is 
rapidly transformed. The rate at which it changes with distance is given by 0S,,/dz, 
which gives the energy transformed per unit volume in unit time. Show that this quantity 
is equal to the conductivity o times the square of the mean value of the electric field 
vector E, that is, the Joule heating from currents flowing in the surface of the conductor 
down to a depth of the order of the skin depth. 
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- Problem 7.20 


Show that when light travelling in free space is normally incident on the surface of a 
dielectric of refractive index n the reflected intensity 


L-(2) -() 
ST, lin 


and the transmitted intensity 


i (@) “a8 
oe (l+n) 


(Note J, +J/, = 1.) 


Problem 7.21 


Show that if the medium of problem 7.20 is glass (n = 1:5) then J, = 4% and I, = 96%. 
If an electromagnetic wave of 100 megahertz is normally incident on water (e, = 81) 
show that J, =65% and I, =35%. 


Problem 7.22 
Light passes normally through a glass plate suffering only one air to glass and one glass to 
air reflection. What is the loss of intensity? 


Problem 7.23 
A radiating antenna in simplified form is just a length x, of wire in which an oscillating 


current is maintained. The expression for the radiating power is that used on_ page 39 
for an oscillating electron 


dE q°w*x 


coi 127€9c° 


where q is the electron charge and w is the oscillation frequency. The current J in the 
antenna may be written I) = wq. If P=4RI¢ show that the radiation resistance of the 
antenna is given by 


2 Z 
Ro2@ Ho (2) =781(*) alanis 
3 Ve \A A 


where A is the radiated wavelength (an expression valid for A > x9). 

If the antenna is 30 metres long and transmits at a frequency of 5x 10° hertz with a 
root mean square current of 20 amps, show that its radiation resistance is 1-97 ohms and 
that the power radiated is 400 watts. (Verify that A > x.) 


Summary of Important Results 


Dielectric; w and € (o = 0) 


Wave equation 


= € =e 
ic ea ue 
oH, .0H, 
te 2 
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Impedance 


E. = Je (376.7 ohms for free space) 
H. é 


y 
. 1 a. 5 2 
Energy density 3€E, +3 Hy 
Mean energy flow = Intensity = S = v(mean energy density) 
= GeE ‘ + 5H = ea 


= aS 2 
= veE, = 3v€E ymax) 


Conductor;  € and a 
Add diffusion equation to wave equation for loss effects from 7 


0° E2 0° EF OE, 


= - 
i oe CR 
giving 
E a Eo oe go) 
where 
k* = wpo/2 
Skin depth 


1 = 
a giving E,= Ee * 


Criterion for conductor/dielectric behaviour is ratio 


conduction current o 
er (note frequency dependence) 
displacement current we 


Impedance Z, (conductor) 


with magnitude Z, = 376-6 V y,/e, Vwe/o ohms 
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Reflexion and transmission coefficients (normal incidence), 


pee Zn 
BE; Z2t2Z1 
E, le 

T = —=>— 

~ 25 ea Py 


Fresnel’s Equations (dielectrics) 


(E’s and Z’s may be complex) 


_ tan (¢ -6@) _ 4sin d cos 0 
I tan (6 +6)’ I” sin 2¢ +sin 20 

_ sin(@ —@) _ 2sin @ cos @ 
~~ sin (@ +6)’ “sin (@ +6) 


Refractive index 


£ (free space) 


v  Z (dielectric) 


Chapter 8 


Waves in More than 
One Dimension 


Plane Wave Representation in Two and Three Dimensions 


Fig. 8.1 shows that in two dimensions waves of velocity c may be represented 
by lines of constant phase propagating in a direction k which is normal to each 
line, where the magnitude of k is the wave number k = 27/X. 

The direction cosines of k are given by 


[| =— et where k> = ki +k3 


Crest 
—<e= Trough 


Fig. 8.1. Crests and troughs of a 
two-dimensional plane wave 
propagating in a general direction 
k (direction cosines / and m). The 
wave is specified by /x + my = p= 
ct, where p is its perpendicular 
distance from the origin, travelled 
in a time ¢ at a velocity c 
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and any point r(x, y) on the line of constant phase satisfies the equation 
Ix +my = p=ct 


where p is the perpendicular distance from the line to the origin. The displace- 
ments at all points r(x, y) on a given line are in phase and the phase difference 
between the origin and a given line is 


2 2 
ob ==* (path difference) =—p =k .r=k,xt+k2y 
= kp 


Hence, the bracket (wt—¢)=(wt—kx) used in a one dimensional wave is 
replaced by (wt—k . r) in waves of more than one dimension, e.g. we shall use 
the exponential expression 


i(wt—k.r) 


e 


In three dimensions all points r(x, y, z) in a given wavefront will lie on planes 
of constant phase satisfying the equation 


Ix+my+nz=p=ct 


where the vector k which is normal to the plane and in the direction of 
propagation has direction cosines 


(so that k*° = kj +k3+k3) and the perpendicular distance p is given by 


kp=k.r=k,\x+k.,y+k3z 


Wave Equation in Two Dimensions 


We shall consider waves propagating on a stretched plane membrane of 
negligible thickness having a mass p per unit area and stretched under a 
uniform tension T. This means that if a line of unit length is drawn in the surface 
of the membrane then the material on one side of this line exerts a force T on 
the material on the other side in a direction perpendicular to that of the line. 

If the equilibrium position of the membrane is the xy plane the vibration 
displacements perpendicular to this plane will be given by z where z depends 
on the position x, y. In fig. 8.2a where the small rectangular element ABCD of 
sides 5x and dy is vibrating, forces T 5x and T dy are shown acting on the sides 
in directions which tend to restore the element to its equilibrium position. 
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T 8x 
78x 
(b) 

| ie T dy Sy 5 

a 
T8x 
(a) 78x 7 Sy 
4 
x 


Fig. 8.2. Rectangular element of a uniform mem- 

brane vibrating in the z-direction subject to one 

restoring force, T6x, along its sides of length dy and 
another, Téy, along its sides of length 6x 


In deriving the equation for waves on a string we saw that the tension T along 

a curved element of string of length dx produced a force perpendicular to x of 

as 

jee dx 

Ox 
where y was the perpendicular displacement. Here in fig. 8.2b by exactly 
similar arguments we see that a force T éy acting on a membrane element of 
length 6x produces a force 


T6 = fe 
Yay? 


where z is the perpendicular displacement, whilst another force T 6x acting on 
a membrane element of length éy produces a force 


2 


az 
LOX=—-30Y. 
tay" y 


The sum of these restoring forces which act in the z-direction is equal to the 
mass of the element pdx dy times its perpendicular acceleration in the z- 
direction, so that 

az az az 
—>x 6x by + T—s 6x by = p 6x 6by— 
ax ay i got Marve 


giving the wave equation in two dimensions as 
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where 


The displacement of waves propagating on this membrane will be given by 
y= A ello kn = A eile x they) 
where 
k*=kit+k3 
The reader should verify that this expression for z is indeed a solution to the 
two-dimensional wave equation. 


(Problem 8.1) 


Wave Guides 
Reflection of a 2D Wave at Rigid Boundaries 


Let us first consider a 2D wave propagating in a vector direction k(k;, k2) in the 
xy plane along a membrane of width b stretched under a tension T between 
two long rigid rods which present an infinite impedance to the wave. 


infinite 
impedance 


infinite 
impedance 
Fig. 8.3. Propagation of a_ two- 
dimensional wave along a stretched 
membrane with infinite impedances 
at y=0 and y= b giving reversal of 
k, at each reflection 


We see from fig. 8.3 that upon reflexion from the line y = b the component 
k, remains unaffected whilst kz is reversed to —kz. Reflexion at y = 0 leaves 
k, unaffected whilst —k is reversed to its original value k2. The wave system 
on the membrane will therefore be given by the superposition of the incident 
and reflected waves, that is, by 


z= Aj, sin [wt —(k1x + ky)|]+ A> sin [wt —(k,x —k2y)|] 
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subject to the boundary conditions that 
z=0 at y=0 and y=b) 


the positions of the frame of infinite impedance. 
The condition z = 0 at y =O requires 


A,=—A, 
and z =0 at y=b gives 
sin k,b =0 
or 
k= 
(Problem 8.2) 


With these values of A, and k2 the displacement of the wave system 1s given by 
z=—2A, sin kay cos (wt — kx) 


which represents a wave travelling along the x direction with a phase velocity 


v,=—= (=) v 
oe a 
where the velocity on an infinitely wide membrane is given by 


re) Boe 
= which is <Y 


because 
k*=kit+k3 
Now 
na 
2 4 
a 
SO 
} ee Tee FS: 2 Meee Aas Fe: 
k = 2 nN r) =(* a 
1 b? v- b? 


and the group velocity for the wave in the x direction 


Ow k, 2 (=) 
a v 


Sebi as 


b, k 
giving the product 


= 
UpV, = Vv 
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Since k, must be real for the wave to propagate we have, from 


na 
2 2 
ki= k = b2 
the condition that 
w@- nq 
k* => 
v- b? 
that is 
_ nT 
OB ee ree 
b 
or 
_ hv 
|? ae 
2b 


where n defines the mode number in the y direction. Thus only waves of certain 
frequencies v are allowed to propagate along the membrane which acts as a 
wave guide. 

There is a cut off frequency n7v/b for each mode of number n and the wave 
guide acts as a frequency filter (recall the discussion on similar behaviour in 
wave propagation on the loaded string in Chapter 3). The presence of the 
sin kyy term in the expression for the displacement z shows that the amplitude 
varies across the transverse y direction as shown in fig. 8.4 for the mode values 


Fig. 8.4. Variation of amplitude with y-direction 

for two-dimensional wave propagating along the 

membrane of fig. 8.3. Normal modes (n = 1, 2 and 

3 shown) are set up along any axis bounded by 
infinite impedances 


n = 1, 2, 3. Thus, along any direction in which the waves meet rigid boundaries 
a standing wave system will be set pp analogous to that on a string of fixed 
length and we shall discuss the implication of this in the section on normal 
modes and the method of separation of variables. 
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Wave guides are used for all wave systems, particularly in those with 
acoustical and electromagnetic applications. Fibre optics is based on wave 
guide principles, but the major use of wave guides has been with electromagne- 
tic waves in telecommunications. Here the reflecting surfaces are the sides of a 
copper tube of circular or rectangular cross section. Note that in this case the 
free space velocity becomes the velocity of light 


=4 @ 
c= k < Up 
the phase velocity, but the relation v,v, = c’ ensures that energy in the wave 
always travels with a group velocity vg <c. 


(Problems 8:3, 8.4, 8.5, 8.6, 8.7, 8.8, 8.9, 8.10, 8.11) 


Normal Modes and the Method of Separation of Variables 


We have just seen that when waves propagate in more than one dimension a 
standing wave system will be set up along any axis which is bounded by infinite 
impedances. 

In Chapter 4 we found that standing waves could exist on a string of fixed 
length / where the displacement was of the form 


sauk a bx a bal 
cos 

where A is constant and where °"} means that either solution may be used to fit 
the boundary conditions in space and time. When the string is fixed at both 
ends, the condition y = 0 at x = 0 removes the cos kx solution, and y = Oat x =1 
requires k,l=na or k, =n7/l=27/A,, giving |1=nA,/2. Since the wave 
velocity c=v,A,, this permits frequencies w, = 27v, = anc/l, defined as 
normal modes of vibration or eigenfrequencies. 

We can obtain this solution in a way which allows us to extend the method to 
waves in more than one dimension. We have seen that the wave equation 


has a solution which is the product of two terms, one a function of x only and 
the other a function of ¢ only. 

Let us write @ = X(x)T(t) and apply the method known as separation of 
variables. 

The wave equation then becomes 


PM aT 
<_< @ 
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Or 


: 
Xxx T= cine 


where the double subscript refers to double differentiation with respect to the 
variables. Dividing by ¢ = X(x) T(t) we have 
Fog ds 
| x x Tf 
where the left-hand side depends on x only and the right-hand side depends on 
t only. However, both x and ¢ are independent variables and the equality 


between both sides can only be true when both sides are independent of x and t 
and are equal to aconstant, which we shall take, for convenience, as —k*. Thus 


X. 
*=—k*, giving X,,+k°X=0 
xX 
and 
bays =, 
+=—t=-k’ giving T,+c°k°T=0 
ef 


+ikx tickt 


X(x) is therefore of the form e and T(t) is of the form e ©, so that 
6=Ae*™ e*'™ where A is constant, and we choose a particular solution in a 
form already familiar to us by writing 


ry = A ea = 
where w = ck, or we can write 
sin sin 
=A hex hext 
COs 


as above. 


Two-Dimensional Case 


In extending this method to waves in 2 dimensions we consider the wave 
equation in the form 


and we write @ = X(x) Y(y)T(t), where Y(y) is a function of y only. 
Differentiating twice and dividing by 6 = XYT gives 
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where the left-hand side depends on x and y only and the right-hand side 
depends on t only. Since x, y and t are independent variables each side must be 
equal to a constant, —k* say. This means that the left-hand side terms in x and y 
differ by only a constant for all x and y, so that each term is itself equal to a 
constant. Thus we can write 


and 
t= +) = 
giving 
Xe ki X =0 
Y,, + koY=0 
T, +¢°k°T =0 
Or 


db = A eu gtikay git 
where k* = k{+k3. Typically we may write 


a ee a Noy a bck 
cos cos COs 


Three- Dimensional Case 


The three-dimensional treatment is merely a further extension. The wave 
equation is 


with a solution 
b = X(x) Y(y)Z(z) T(t) 
yielding 
i—o a bx an bay sae Se hekt 
COs COS COs COS 


where ki +k3+k3=k’. 
Using vector notation we may write 


b=Adk*”, where k.r=kyxthyt+k3z 
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Normal Modes in Two Dimensions on a Rectangular Membrane 


Suppose waves proceed in a general direction k on the rectangular membrane 
of sides a and b shown in fig. 8.5. Each dotted wave line is separated by a 


—_ 


n,/2 cos B 


n, BB =”, 


Ph 


: a=n, AA =n, /2cs a 


Fig. 8.5. Normal modes on a rectangu- 
lar membrane in a direction k satisfying 
boundary conditions of zero displace- 
ment at the edges of length a= 
n,A/2 cos a and b=n>A/2 cos B 


distance A/2 and a standing wave system will exist whenever a = n,AA’ and 
b = n,BB’, where n, and nz are integers. 


But 
r Ak ALE = 
AA = SES eee Eee 
toosa 2h 2A 
so that 
<——— and Sree Sed 
k, a 
Similarly 
N27 
k= 
=. 
Hence 
2 Z 2 4ar* 2 ni n5 
k kittie Feo a Be 
or 
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defining the frequency of the n,;th mode on the x-axis and the nth mode on the 
y-axis, that is, the (n,;n2) normal mode, as 


n 2 
+52 where c= 


If k is not normal to the direction of either a or b we can write the general 
solution for the waves as 


sin sin sin 
z=A brea lay heks 
COs COs COs 


with the boundary conditions z = 0 at x =0 and a; z =O at y=0 and b. 

The condition z=0 at x = y =O requires a sin k,x sin ky term, and the 
condition z = 0 at x =a defines k, = n,7/a. The condition z = 0 at y = b gives 
k>=n»7/b, so that 


N,;7TX N277Y 


a= Asi sin sin ckt 


The fundamental vibration is given by n; = 1, n2 = 1, so that 


st (S+5)— 
: a” b*/4p 


In the general mode (n,n2) zero displacement or nodal lines occur at 


x=0, =, _ 
ny ny 
and 
b 2b 
eer a... 0 
Nz 4) 


Some of these normal modes are shown in fig. 8.6, where the shaded and 
plain areas have opposite displacements as shown. 

The complete solution for a general displacement would be the sum of 
individual normal modes, as with the simpler case of waves on a string (see the 
chapter on Fourier Series) where boundary conditions of space and time would 
have to be met. Several modes of different values (n;n2) may have the same 
frequency, e.g., in a square membrane the modes (4,7) (7,4) (1,8) and (8,1) all 
have equal frequencies. If the membrane is rectangular and a = 3b, modes (3,3) 
and (9,1) have equal frequencies. 

These modes are then said to be degenerate, a term used in describing equal 
energy levels for electrons in an atom which are described by different quantum 
numbers. 
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(34) 


Fig. 8.6. Some normal modes on a rectangular 

membrane with shaded and clear sections hav- 

ing Opposite sinusoidal displacements as indi- 
cated 


Normal Modes in Three Dimensions 


In three dimensions a normal mode is described by the numbers ny, n2, n3, 


with a frequency 
e In; n3 n3 
e 
=— af ae eee 8.1 
2 i ee 5 eS 


where 1, [, and [3 are the lengths of the sides of the rectangular enclosure. If we 
now form a rectangular lattice with the x-, y- and z-axes marked off in units of 


— oe 
my 21, 


respectively (fig. 8.7), we can consider a vector of components n, units in 
the x-direction, nz units in the y-direction and n3 units in the z-direction to 


have a length 
: n2 2 
y= <\/3 +S =i 
eS eS ee 
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Frequency lattice 


Vector length gives 
allowed frequency , 


Fig. 8.7. Lattice of rectangular cells in frequency space. 

The length of the vector joining the origin to any cell 

corner is the value of the frequency of an allowed normal 

mode. The vector direction gives the propagation direc- 
tion of that particular mode 


Each frequency may thus be represented by a line joining the origin to a 
point cn,/21,, cn2/2l,, cn3/2l, in the rectangular lattice. 

The length of the line gives the magnitude of the frequency, and the vector 
direction gives the direction of the standing waves. 

Each point will be at the corner of a rectangular unit cell of sides c/21,, c/2l, 
and c/21, with a volume c°/81,151;. There are as many cells as points (i.e., as 
frequencies) since each cell has eight points at its corners and each point serves 
as a corner to 8 cells. 

A very important question now arises: how many normal modes (stationary 
states in quantum mechanics) can exist in the frequency range v to v+dv? 

The answer to this question is the total number of all those positive integers 
Ny, No, N3 for which, from equation (8.1), 

2 * z 2 
p< ( S494) <(v+dv)” 
4\h hb & 

This total is the number of possible points (n,, n2, n3) lying in the positive 
octant between two concentric spheres of radii v and v + dv. The other octants 
will merely repeat the positive octant values because the n’s appear as squared 
quantities. 

Hence the total number of possible points or cells will be 


1 (volume of spherical shell) 
8 volume of cell 
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4 Amv’ dv 81,1, 


8 c 
2 
d 
=4nl, bl: =e 3 


so that the number of possible normal modes in the frequency range v to v+dv 
per unit volume of the enclosure 


~ Anv dv 


3 
Cc 


Note that this result, per unit volume of the enclosure, is independent of any 
particular system; we shall consider two very important applications. 


(1) Frequency Distribution of Energy Radiated from a Hot Body. 
Planck’s Law 


The electromagnetic energy radiated from a hot body at temperature T in the 
small frequency interval v to vy +dv may be written E, dv. If this quantity is 
measured experimentally over a wide range of v acurve T;, in fig. 8.8 will result. 
The general shape of the curve is independent of the temperature, but as T is 
increased the maximum of the curve increases and shifts towards a higher 
frequency. 


Rayleigh- 
Jeans 


Black body radiation curves 
following Planck's Law (T>7) 


Fig. 8.8. Planck’s black body radiation curve plotted for 

two different temperatures 7,> 7, together with the 

curve of the classical Rayleigh—Jeans explanation lead- 
ing to the ‘ultra-violet catastrophe’ 


The early attempts to describe the shape of this curve were based on two 
results we have already used. 
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In the chapter on coupled oscillations we associated normal modes with 
‘degrees of freedom’, the number of ways in which a system could take up 
energy. In kinetic theory, assigning an energy 5kT to each degree of freedom of 
a monatomic gas at temperature T leads to the gas law pV = RT = NkT where 
N is Avogadro’s number, k is Boltzmann’s constant and R is the gas constant. 

If we assume that each frequency radiated from a hot body is associated with 
the normal mode of an oscillator with two degrees of freedom and two 
transverse planes of polarization, the energy radiated per frequency interval dy 
may be considered as the product of the number of normal modes or oscillators 
in the interval dv and an energy contribution of kT from each oscillator for 
each plane of polarization. This gives 


Se doe lL ae. dy 


a result known as the Rayleigh—Jeans Law. 

This, however, gives the energy density proportional to v* which, as the solid 
curve in fig. 8.8 shows, becomes infinite at very high frequencies, a physically 
absurd result known as the ultraviolet catastrophe. 

The correct solution to the problem was a major advance in physics. Planck 
had introduced the quantum theory, which predicted that the average energy 
value kT should be replaced by the factor hv/(e””’*" — 1), where h is Planck’s 
constant (the unit of action). The experimental curve is thus accurately 
described by Planck’s Radiation Law 


Sav hv 
F,, dv =o a eee dv 


1 


(2) Debye Theory of Specific Heats 


The success of the modern theory of the specific heats of solids owes much to 
the work of Debye, who considered the thermal vibrations of atoms in a solid 
lattice in terms of a vast compiex of standing waves over a great range of 
frequencies. This picture corresponds in three dimensions to the problem of 
atoms spaced along a one dimensional line (Chapter 4). In the specific heat 
theory each atom was allowed two transverse vibrations (perpendicular planes 
of polarization) and one longitudinal vibration. 

The number of possible modes or oscillations per unit volume in the 
frequency interval v to vy +d~v is then given by 


> 4 
dn =47v* d+) (8.2) 


cy €yz 


where cy and c, are respectively the transverse and longitudinal wave 
velocities. 
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Each mode has an average energy (from Planck’s Law) of € = hv/ (e*”/*T _ 1) 
and the total energy in the frequency range v to y+ dv for a gram atom of the 
solid of volume V4, is then 


‘as See 
V,édn= 4nV.(34+-3) oer dv. 
cr cy/e —| 


The total energy per gram atom over all permitted frequencies is then 


9) 1 me 3 
E, os | Vaz dn =4nV,(3+-)| | ane 
; C7. £3745: © —1 


where r,, is the maximum frequency of the oscillations. 

There are N atoms per gram atom of the solid (N is Avogadro’s number) and 
each atom has three allowed oscillation modes, so an approximation to »,, is 
found by writing the integral of equation 8.2 for a gram atom as 


See SF 4mrV,(2 1 
[an=3N=42V,(5+—)| y? dy=— 4(S45)v3 
Cr Cy/ Jo 3 6.2.2 teks 


The values of cy; and c; can be calculated from the elastic constants of the 
solid (see Chapter 5 on longitudinal waves) and v,, can then be found. 
The value of E, thus becomes 
_ON [ fo 
e 


2 
hv/kT _ 1 v’ dv 
0 


ee 
Vin 


— Solid curve - 
o 
U j Debye Theory 
z o- Experimental points 
S 
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=. 
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Specific heat of aluminium 


100 200 300 400 
Temperature (°K) 
Fig. 8.9. Debye theory of specific heat of solids. 


Experimental values versus theoretical curve for 
aluminium 
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and the variation of E, with the temperature T is the molar specific heat of the 
substance at constant volume. The specific heat of aluminium calculated by this 
method is compared with experimental results in fig. 8.9. 


(Problems 8.12, 8.13, 8.14, 8.15, 8.16, 8.17, 8.18, 8.19) 


Reflexion and Transmission of a Three-Dimensional Wave at a Plane 
Boundary 


To illustrate such an event we choose a physical system of great significance, the 
passage of a light wave from air to glass. More generally, Figure 8.10 shows a 
plane polarized electromagnetic wave E; incident at an angle @ to the normal of 
the plane boundary z = 0 separating two dielectrics of impedance Z, and Z), 
giving reflected and transmitted rays E, and E, respectively. The boundary 
condition requires that the tangential electric field FE, is continuous at z = 0. 
The propagation direction k; of E; lies wholly in the plane of the paper (y = 0) 


YE =O at 2-0 


Fig. 8.10. Plane-polarized electromagnetic wave 
propagating in the plane of the paper is represented 
by vector E; and is reflected as vector E, and trans- 
mitted as vector E, at a plane interface between 
media of impedances Z, and Z,. No assumptions are 
made about the planes of propagation of E, and E,. 
From the boundary condition that the electric field 
component F, is continuous at the plane z=0 it 
follows that (1) vectors E; E, and E, propagate in the 
same plane; (2) 6 = 0’ (angle of incidence = angle of 
reflection); (3) Snell’s law (sin 6/sin ¢) = n2/n, where 
nis the refractive index 
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but no assumptions are made about the directions of the reflected and 
transmitted waves (nor about the planes of oscillation of their electric field 


vectors). 
We write : 
E.=A. eho hae eee = A, eilwt—kilx sin 6+2 cos 6)] 
I t i 
E = A Peele ee 
r r 
and 


E.=A elotskilatoy tne) 
t t 


where k, and k, are respectively the reflected and transmitted propagation 
vectors and /, m, n are the appropriate direction cosines. 
Since E, is continuous at z = 0 for all x, y, t we have 


A. pil et 6 sin O11 A Fe ald 
i r 


coos A, gle kate 


an identity which is only possible if the indices of all three terms are identical 
that is 


wt —k,;x sin 0 = wt — k,(.x +m,y) 
= wt—k,(l.x+my) 
Equating the coefficients of x in this identity gives 
k, sin 0 = k,l, = k,l, 
whilst equal coefficients of y give 
0=k,m, = k.m, 
This second relation gives 
m, =m, = 0 


so that the reflected and transmitted rays have no component in the y direction 
and lie wholly in the xz plane of incidence, that is, incident reflected and 
transmitted (refracted) rays are coplanar. 

Now the magnitude 


since both incident and reflected waves are travelling in medium Z;. Hence 
k, sin 0= k,l, © 
gives 


k; sin 0@=k, sin 6’ 
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that is 

6=06' 
so the angle of incidence equals the angle of reflection. 


The magnitude 


Z 
k,=— 
2 
so that 
k; sin 6 = k,l, 
gives 
2 2 
= sin 9 = = sin d 
Ay dr 
or 


sin@ A,_ Nn 


Peseta Index (medium =] 
sin dp Ar ny 


Refractive Index (medium 1) 


a relationship between the angles of incidence and refraction which is well 
known as Snell’s Law. 


Total Internal Reflexion and Evanescent Waves 


On page 235 we discussed the propagation of an electromagnetic wave across 

the boundary between air and a dielectric (glass, say). We now consider the 

reverse process where a wave in the dielectric crosses the interface into air. 
Snell’s Law still holds so we have, in fig. 8.11, 


n,sin@=n2singd 
where 
Niy>n2 and n2/n,=n,<1 
Thus 
sin 0 = (n2/n1) sind =n, sind 


with ¢ > 6. Eventually a critical angle of incidence 6, is reached where ¢ = 90° 
and sin 6 =n,; for 6 >6,, sin 9 >n,. For glass to air n, = 7s and 6, = 42°. 
It is evident that for 9=@, no electromagnetic energy is transmitted into 
the rarer medium and the incident wave is said to suffer total internal reflexion. 
In the reflexion coefficients R; and R, on page 208 we may replace cos ¢ 
by | 


(1-sin? 6)? =[1-(sin 6/n,)?]'”” 
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Fig. 8.11. When light propagates from a dense to a rare 
medium (n,>n2) Snell’s Law defines 6 = 6, as that angle of 
incidence for which ¢@ = 90° and the refracted ray is tangential 
to the plane boundary. Total internal reflection can take place 
but the boundary conditions still require a transmitted wave 
known as the evanescent or surface wave. It propagates in 
the x direction but its amplitude decays exponentially with z 


and rewrite 


2 <2 AZ o3 
(n>; —sin g)'/ —n; cos@ 


Ry = ———— > 
(n? —sin* 6)'/? +n? cos @ 
and 
cos @—(n? —sin’ @)'/” 
= 1/2 


~~ cos 9 +(n2 —sin’ @) 
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Now for 6>6,, sin 6>n, and the bracketed quantities in R; and R, are 
negative so that R, and R, are complex quantities, that is (£,); and (E,), have 
a phase relation which depends on 0. 

It is easily checked that the product of R and R* is unity so we have 
R\Rj =R_R7 =1. This means, for both of the examples of fig. 7.8, that the 
incident and reflected intensities J; and J, = 1. The transmitted intensity J, = 0 
so that no energy is carried across the boundary. 

However, if there is no transmitted wave we cannot satisfy the boundary 
condition FE; +E, =F, on page 236, using only incident and reflected waves. 
We must therefore assert that a transmitted wave does exist but that it cannot 
on the average carry energy across the boundary. 

We now examine the implications of this assertion, using fig. 8.10 above, 
and we keep the notation of page 236. This gives a transmitted electric field 
vector 


E = glet-& ray tase 
t t 


=A Pe sing@+z cos ¢)] 
— £4 


because y = 0 in the xz plane, /, =sin @ and n,=cos ¢@. Now 
cos @ = 1—sin? d = 1-—sin* 6/n? 
.. k, cos @é = +k,(1—sin? 6/n2)\/? 
which for 6 >@, gives sin 6 >n, so that 
a 
sin’ 6 
n 


r 


EZ 


We also have 
k, sin @d =k, sin 6/n, 


SO 


E.=A a” gt kaane/s,) 
t— 441 : 


The alternative factor e*** defines an exponential growth of A, which is 
physically untenable and we are left with a wave whose amplitude decays 
exponentially as it penetrates the less dense medium. The disturbance travels 
in the x direction along the interface and is known as a surface or evanescent 
wave. 

It is possible to show from the expressions for R; and R, on page 238 that 
except at 0 = 90° the incident and the reflected electric field components for 
(E); in one case and (£), in the other, do not differ in phase by 7 radians 
and cannot therefore cancel each other out. The continuity of the tangential 
component of E at the boundary therefore leaves a component parallel to 
the interface which propagates as the surface wave. This effect has been 
observed at optical frequencies. 
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Moreover, if only a very thin air gap exists between two glass blocks it is 
possible for energy to flow across the gap allowing the wave to propagate in 
the second glass block. This process is called frustrated total internal reflexion 
and has its quantum mechanical analogue in the tunelling effect discussed on 
page 396. 
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Problem 8.1 
Show that 
z= A eilot—(kix+k2y)} 
where k? = w?/c?=k?+k3 is a solution of the two-dimensional wave equation 
ax” ay —¢ ar 
Problem 8.2 


Show that if the displacement of the waves on the membrane of width b of fig. 8.3 is 
given by the superposition 


with the boundary conditions 


z=0 at y=0 and y=b 


then 
z=-—2A, sin ky cos (wt— k,x) 
where 
nt 
k,=— 
——. 
Problem 8.3 


An electromagnetic wave loses negligible energy when reflected from a highly conduct- 
ing surface. With repeated reflexions it may travel along a transmission line or wave 
guide consisting of two parallel, infinitely conducting planes (separation a). If the wave 


\ : x= 


I 
| fi 


Lfha,s) 
[> x 


y 
E_ only 
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is plane polarized, so that only E, exists, then the propagating direction k lies wholly in 
the xy plane. The boundary conditions require that the total tangential electric field E, 
is zero at the conducting surfaces x = 0 and x = a. Show that the first boundary condition 
allows E, to be written E, = E,(e* —e“"*) e”"*”, where k, =k cos 6 and k, = 
k sin @ and that the second boundary condition requires k, = n7/a. | 

If Ap=27 c/w, A, =27/k, and A, =27/k, are the wavelengths propagating in the x 
and y directions respectively show that 


: ee ee 


AZ AG. AG 


We see that for n =1, k, = 7/a and A, = 2a, and that as w decreases and A, increases, 
k, =k sin 6 becomes imaginary and the wave is damped. Thus n = 2 (k, = 277/a) gives 
A. = a, the ‘critical wavelength’, i.e. the longest wavelength propagated by a waveguide 
of separation a. Such cut-off wavelengths and frequencies are a feature of wave 
propagation in periodic structures, transmission lines and waveguides. 


Problem 8.4 


Show, from equations (7.1) and (7.2), that the magnetic field in the plane-polarized 
electromagnetic wave of problem 8.3 has components in both x- and y-directions. 
[When an electromagnetic wave propagating in a waveguide has only transverse electric 
field vectors and no electric field in the direction of propagation it is called a transverse 
electric (TE) wave. Similarly a transverse magnetic (TM) wave may exist. The plane- 
polarized wave of problem 8.3 is a transverse electric wave; the corresponding trans- 
verse magnetic wave would have H,, E, and E, components. The values of n in problem 
8.3 satisfying the boundary conditions are written as subscripts to define the exact mode 
of propagation, e.g. TE, .] 


Problem 8.5 


Use the value of the inductance and capacitance of a pair of plane parallel conductors of 
separation a and width b to show that the characteristic impedance of such a waveguide 


is given by 
a 
Zo= > Jt ohms 
b Ve 


where yw and « are respectively the permeability and permittivity of the medium 
between the conductors. 


Problem 8.6 

Consider either the Poynting vector or the energy per unit volume of an electromagnetic 
wave to show that the power transmitted by a single positive travelling wave in the 
waveguide of problem 8.5 is sabE¢vVe/w. 


Problem 8.7 


An electromagnetic wave (EK, H) propagates in the x-direction down a perfectly 
conducfing hollow tube of arbitrary cross section. The tangential component of E at the 
conducting walls must be zero at all times. 

Show that the solution E= E(y, z) cos (wt—k,x) substituted in the wave equation 
yields 


where k* = w’/c*—k? and k, is the wave number appropriate to the x-direction. 
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Problem 8.8 


If the waveguide of problem 8.7 is of rectangular cross-section of width a in the 
y-direction and height b in the z-direction, show that the boundary conditions EF, = 0 at 
y =0 and a and at z = 0 and b in the wave equation of problem 8.7 gives 


E,=A sin ea ee cos (wt — k,x) 


where 


Problem 8.9 


Show, from problems 8.7 and 8.8, that the lowest possible value of w (the cut-off 
frequency) for k, to be real is given by m=n=1. 


Problem 8.10 


Prove that the product of the phase and group velocity w/k,, dw/dk, of the wave of 
problems 8.7-8.9 is c*, where c is the velocity of light. 


Problem 8.11 
Consider now the extension of problem 8.2 where the waves are reflected at the rigid 
edges of the rectangular membrane of sides length a and b as shown in the diagram. The 
final displacement is the result of the superposition 

+A, sin [wt—(k,x —k2y)] 

+A, sin [wt—(—k,x—k,y)] 

+ A, sin [wt —(—k,x+k,y)] 
with the boundary conditions 

z=0O at x=0 and x=a 

and 


z=0 at y=0 and y=) 
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Show that this leads to a displacement 
z=—4A, sin k,x sin k,y sin wt 
where 


nN, 


k,=— and k,= 
a 


N27 


b 
Problem 8.12 


In deriving the result that the average energy of an oscillator at frequency v and 
temperature T is given by 


hv 


elhe/kT) 4 


mI 


Planck assumed that a large number N of oscillators had energies 0, hv, 2hv... nhv 
distributed according to Boltzmann’s Law 


N a No Ps dace 
where the number of oscillators N, with energy nhv decreases exponentially with 
increasing n. 
Use the geometric progression series 
N=) N =N fi te +e. :.) 


to show that 


If the total energy of the oscillators in the nth energy state is given by 


E,, = N,nhv 
prove that the total energy over all the n energy states is given by 
hv a rks 


E=LE,=Noq_ wip 


Hence show that the average energy per oscillator 


fe = hv 

€ i owt 4 

and expand the denominator to show that for hv « kT, that is low frequencies and long 
wavelengths, Planck’s Law becomes the classical expression of Rayleigh—Jeans. 


Problem 8.13 
The wave representation of a particle, e.g. an electron, in a rectangular potential well 
throughout which V = 0 is given by Schr6dinger’s time-independent equation 
ry av ev 82°m 
a 
or ey Zz h 
where E is the particle energy, m is the mass and h is Planck’s constant. The boundary 
conditions to be satisfied are f =0 atx = y=z=Oandatx=L,, y=L,, z=L,, where 
L,, L, and L, are the dimensions of the well. 


EW 
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Show that 
| irk = Pity. = AAT 


W=A sin — sin — sin — 
L, : Ss 


is a solution of Schrédinger’s equation, giving 
h? es 2 2 
E= a(— tt “| 
SHi. L 
When the potential well is cubical of side L, 


2 


~ 8mL? 


E (I? +r7+n’) 


and the lowest value of the quantized energy is given by 


E=E, for /=1, r=n=0 


Show that the next energy levels are 3E,, 6E, (3-fold degenerate), 9F, (three-fold 
degenerate), 11, (three-fold degenerate), 12, and 14E, (six-fold degenerate). 
Problem 8.14 
Show that at low energy levels (long wavelengths) hv « kT, Planck’s radiation law is 
equivalent to the Rayleigh—-Jeans expression. 


Problem 8.15 


Planck’s radiation law, expressed in terms of energy per unit range of wavelength 
instead of frequency, becomes 


Sach 


Ey ? (et 1) 


Use the variable x = ch/AkT to show that the total energy per unit volume at tempera- 
ture T° absolute is given by 


| E, dA = aT* joules m~ 
0 


where 
= 8ak* 
7 15h? 
(The constant ca/4 =, Stefan’s Constant in the Stefan—Boltzmann Law.) Note that 


[2e-= 
_ eo =i 


Problem 8.16 
Show that the wavelength A,, at which FE, in problem 8.16 is a maximum is given by the 
solution of 


x ch 
1-2] x*=— 4 = 
( 5 e 1, where x XRT 


The solution is ch/A,,kKT = 4-965. 
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Problem 8.17 


Given that ch/A,, =5 kT in problem 8.16, show that if the sun’s temperature is about 
6000°K, then A,, ~4:7 10’ metres, the green region of the visible spectrum where 
the human eye is most sensitive (evolution 7). 


Problem 8.18 

The tungsten filament of an electric light bulb has a temperature of ~ 2000°K. Show that 
in this case A,, ~ 1410’ metres, well into the infrared. Such a lamp is therefore a 
good heat source but an inefficient light source. 


Problem 8.19 


A free electron (travelling in a region of zero potential) has an energy 


pak =(£)e= E00 


“2m \2m 
where the wavelength 
A =h/p=2n/k 


In a weak periodic potential, for example in a solid which is a good electrical 
conductor, E =(h*/2m*)k*, where m* is called the effective mass. (For valence 
electrons m* ~ m.) 

Represented as waves, the electrons in a cubic potential well (V = 0) of side L have 
allowed wave numbers k, where 

nj 


k*=kitki+k, and: k,; — 


(see problem 8.13). For each value of k there are two allowed states (each defining the 
spin state of the single occupying electron—Pauli’s principle). Use the arguments in 
Chapter 8 to show that the total number of states in k space between the values k and 
k +dk is given by 


= 4ak*dk 
8 


Use the expression E = (h*/2m*) k* to convert this into the number of states S$(E) dE in 
the energy interval dE to give 


P(k) =2( 


7 
A jn? 
siE)=—5(—) VE 
(E) 2a? \ h? 
where A=L?. 
If there are N electrons in the N lowest energy states consistent with Pauli’s principle, 
show that the integral 
<", 
| S(E)dE=N 
0 
gives the Fermi energy level 


E; 


h? oe = 
gut’ A 

where E£, is the kinetic energy of the most energetic electron when the solid is in its 
ground state. 
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Summary of Important Results 


Wave equation in two dimensions 


2.07122 
Ji. 


oy ea 


Lines of constant phase lx +my=ct propagate in direction k(k,, kz) where 
l=k,/k, m=k2/k, k*°=k{+k3 and c’ =w*/k’. Solution is 


z=Aer*” for r(x, y) 


Wave equation in three dimensions 


Planes of constant phase lx +my +nz =ct propagate in a direction 
k(k,, ko, k3) where | =k,/k, m=k,/k, n=k3/k 
kK? =ki+k3+k3 and c’=o'/k’. 
Solution is 


6A eo teehee 


Wave guides 


Reflection from walls y = 0, y = b in a two-dimensional wave guide for a wave 
of frequency w and vector direction k(k,, k2) gives normal modes in the y 
direction with k, = n7/b and propagation in the x direction with phase veiocity 


o © 
vp =—>—=v 
te Ss 


and group velocity 


Ow 
, = a such that v,v,=v° 


Cut off frequency 


Only frequencies w = n7zrv/b will propagate where n is mode number. 
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Normal modes in three dimensions 


Wave equation separates into three equations (one for each variable x, y, z) to 
give solution 


(Boundary conditions determine final form of solution.) 


For waves of velocity c, the number of normal modes per unit volume of an 
enclosure in the frequency range v to v+dv 


2 
_ 4nv dp 
= 3 

e 


Directly applicable to 

(a) Planck’s Radiation Law 

(b) Debye’s theory of specific heats of solids 
(c) Fermi energy level (problem 8.19) 


Chapter 9 


Fourier Methods 


Fourier Series 


In this chapter we are going to look in more detail at the implications of the 
principles of superposition which we met at the beginning of the book when we 
added the two separate solutions of the simple harmonic motion equation. Our 
discussion of monochromatic waves has led to the idea of repetitive behaviour 
in a simple form. Now we consider more complicated forms of repetition which 
arise from superposition. 

Any function which repeats itself regularly over a given interval of space or 
time is called a periodic function. This may be expressed by writing it as 
f(x) = f(x +a) where a is the interval or period. 

The simplest examples of a periodic function are sines and cosines of fixed 
frequency and wavelength, where a represents the period 7, the wavelength A 
or the phase angle 27 radians, according to the form of x. Most periodic 
functions, for example the square wave system of fig. 9.1, although quite simple 


4 
> 


Qh,_. es .. 
f(x) => (sin x+ sin 3x+ Zsin5x+—>sin 7x...) 


Fig. 9.1. Square wave of height h and its Fourier 
sine series representation (odd function) 


to visualize are more complicated to represent mathematically. Fortunately 
this can be done for almost all periodic functions of interest in physics using the 
method of Fourier Series, which states that any periodic function may be 
represented by the series 


1 
f(x) =3a9 +a; cos x +a, cos 2x...+a, COs nx 


+b, sinx+b,sin2x...+b, sin nx, (9.1) 
248 
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that is, a constant 5a, plus sine and cosine terms of different amplitudes, having 
frequencies which increase in discrete steps. Such a series must of course, 
satisfy certain conditions, chiefly those of convergence. These convergence 
criteria are met for a function with discontinuities which are not too severe and 
with first and second differential coefficients which are well behaved. At such 
discontinuities, for instance in the square wave where f(x) =+h at x =0, 27, 
etc., the series represents the mean of the values of the function just to the left 
and just to the right of the discontinuity. 
We may write the series in several equivalent forms: 


CO 
f(x)=3a9+ ¥ (a, cos nx +b, sin nx) 


n=1 


[e @) 
=5a 9+ Yc, cos (nx —6,) 


n=1 
where 
c,=aitb, 
and 
tan 0, =),/ dan 
or 
f(x) = = Ze 

where 

2d,,= a, —ib, (n20) 
and 


2d, = a, +ib, (n <0) 


To find the values of the coefficients a, and b,, let us multiply both sides of 
equation (9.1) by cos nx and integrate with respect to x over the period 0 to 277 


(say). 
Every term 


Oif mAn 


Qa 
| COS MX COS NX dx=| , : 
0 7Twifm=n 


whilst every term 


Qa 
| sin mx cos nx dx =O for all m and n. 
O 
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Thus for m =n, 
27 
2 
a, | cos’ nx dx = 7a, 
O 
so that 


1 27 
An -=| f(x) cos nx dx 
TT Jo 


Similarly, by multiplying both sides of equation (9.1) by sin nx and integrat- 
ing from 0 to 27 we have, since 


OifmFAn 


Qa 
| sin mx sin nx dx=| : 
0 Tifm=n 


that 
1 2a 
b, =-| f(x) sin nx dx 
TT JO 


Immediately we see that the constant (n=0), given by $6o= 
1/27 {,” f(x) dx, is just the average of the function over the interval 27. It is, 
therefore, the steady or ‘d.c.’ level on which the alternating sine and cosine 
components of the series are superimposed, and the constant can be varied by 
moving the function with respect to the x-axis. When a periodic function is 
symmetric about the x-axis its average value, that is, its steady or d.c. base 
level, 5do, is zero, as in the square wave system of fig. 9.1. If we raise the square 
waves so that they stand as pulses of height 2h on the x-axis, the value of 5d iS 
hz (average value over 27r). The values of a, represent twice the average value 
of the product f(x) cos nx over the interval 27r; b, can be interpreted in a 
similar way. 

We see also that the series representation of the function is the sum of cosine 
terms which are even functions [cos x = cos (— x)] and of sine terms which are 
odd functions [sinx=-—sin(—x)]. Now every’ function f(x)= 
SL f(x) +fi—+)) +3 f(x) —f(—x)], in which the first bracket is even and the 
second bracket is odd. Thus the cosine part of a Fourier series represents the 


4h 1 
f(x)=+(cos x- 5 cos 3X + = cos 5x- cos “fee 


Fig. 9.2. The wave of fig 9.1 is now symmetric 
about the y axis and becomes a cosine series 
(even function) 
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even part of the function and the sine terms represent the odd part of the 
function. Taking the argument one stage further, a function f(x) which is an 
even function is represented by a Fourier series having only cosine terms; if f(x) 
is odd it will have only sine terms in its Fourier representation. Whether a 
function is completely even or completely odd can often be determined by the 
position of the y-axis. Our square wave of fig. 9.1 is an odd function [f(x) = 
—f(—x)]; it has no constant and is represented by f(x)=4h/a 
(sin x + 1/3 sin 3x +1/5,sin 5x+. . .)butif we now move the y-axis a half period 
to the right as in fig. 9.2, then f(x) =f(—x), an even function, and the square 
wave is represented by 


4h 
f(x) =—(cos x—4+cos 3x +¢cos 5x —700s 7x+...) 
TT 


If we take the first three or four terms of the series representing the square 
wave of fig. 9.1 and add them together, the result is fig. 9.3. The fundamental, 


4h sin x 


addition of first 
three terms 


Fig. 9.3. Addition of the first three 
terms of the Fourier series for the 
square wave of fig. 9.1 shows that the 
higher frequencies are responsible for 
sharpening the edges of the pulse 


or first harmonic, has the frequency of the square wave and the higher 
frequencies build up the squareness of the wave. The highest frequencies are 
responsible for the sharpness of the vertical sides of the waves; this type of 
square wave is commonly used to test the frequency response of amplifiers. An 
amplifier with a square wave input effectively ‘Fourier analyses’ the input and 
responds to the individual frequency components. It then puts them together 
again at its output, and if a perfect square wave emerges from the amplifier it 
proves that the amplifier can handle the whole range of the frequency compo- 
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nents equally well. Loss of sharpness at the edges of the waves shows that the 
amplifier response is limited at the higher frequency range. 

Example of Fourier Series 


Consider the square wave of height h in fig. 9.1. The value of the function is 
given by 
f(x)=h for O0<x<a7 


and 
f(x)=—-h for w<x<2a7 


The coefficients of the series representation are given by 


1 7 20 
a, = —|n{ cos nx dx—h| cos nx dx | =0 

7 0 v 

because 
T 20 

| cos nx dx=| cos nx dx =0 

O 7 
and 


7 27 
b,, = “| n| sin nx dx — h| sin nx ax| 
0 7 


T 


= Jee nx]°+[cos nx]27] 
nr 


= hag —cos nr) +(1—cos n7)| 
NTT 


giving b, =0 for n even and b, =4h/n7z7 for n odd. Thus the Fourier series 
representation of the square wave is given by 


sin3x sinS5x sin7x 
——— + ——— + ———+ ... 
3 5 7 


4 No Calorvtam preach UL (revert 


Although we have discussed the Fourier representation in terms of a periodic 
function its application is much more fundamental, for any section or interval 
of a well behaved function may be chosen and expressed in terms of a Fourier 
Series. This series will accurately represent the function only within the chosen 
interval. If applied outside that interval it will not follow the function but will 
periodically repeat the value of the function within the chosen interval. If we 
represent this interval by a Fourier cosine series the repetition will be that of an 
even function, if the representation is a Fourier sine series an odd function 
repetition will follow. 

Suppose now that we are interested in the behaviour of a function over only 
one-half of its full interval and have no interest in its representation outside this 


f(x)= **(sin x+ 
T 


Fourier Series for any Interval 
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restricted region. In fig. 9.4a the function f(x) is shown over its full space 
interval —1/2 to +1/2, but f(x) can be represented completely in the interval 0 
to +1/2 by either a cosine function (which will repeat itself each half-interval as 
an even function) or it can be represented completely by a sine function, in 
which case it will repeat itself each half-interval as an odd function. Neither 
representation will match f(x) outside the region 0 to +//2, but in the 
half-interval 0 to +//2 we can write 


f(x) =f.(x) = fo(x) 


where the subscripts e and o are the even (cosine) or odd (sine) Fourier 
representations respectively. 


(a) 


(b) = 


ine) 
nl~ 


f(x) 


I 
nim 
hm|~ 


Fig. 9.4. A Fourier series may represent afunc- — 
tion over a selected half-interval. The general 
function in (a) is represented in the half-interval 
0<x<//2 by f., an even function cosine series 
in (b), and by fo, an odd function sine series in 
(c). These representations are valid only in the 
specified half-interval. Their behaviour outside 
that half-interval is purely repetitive and 
departs from the original function 


The arguments of sines and cosines must, of course, be phase angles, and so 
far the variable x has been measured in radians. Now, however, the interval is 
specified as a distance and the variable becomes 27 x/I, so that each time x 
changes by / the phase angle changes by 27. 
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Thus 


where 
1 27nx 
oe 5 interval j V/2 f(x) wis l a 
a 2 & 
= | | f.(x) cos — dx + | f-(x) cos cams dx| 
ILdy2 l 0 l 
Uae 2 
= Al f(x) cos = dx 
because 
f(x)=f.(x) from x =Oto 1/2 
and 


f(x)=f(—x)=f.(x) from x=Oto—I/2 
Similarly we can represent f(x) by the sine series 


27nx 


f(x) = folx) = 4 b,, sin — 


in the range x = 0 to 1/2 with 


1 "4 277nX 
b, = —— | fe eckiiea 
> interval -1/2 = l ? 


Af fo(x) sin 


2 = 2 
= dx + | fo(x) sin = ax| 
0 


In the second integral fo(x) = f(x) in the interval 0 to 1/2 whilst 


? 27NxX . 27nx " 27nx 
| fo(x) sin dx = | fo(—x) sin dx= -| fot) sin —— dx 
l/2 l 1/2 l 1/2 l 
/2 1/2 
2 2 
= | fo(x) sin oe d= | f(x) sin — dx 
@) @) 


Hence 


4 1/2 
b,, -=| f(x) sin 3 dx 
O 


l l 


If we follow the behaviour of f.(x) and f,(x) outside the half-interval 0 to 1/2 
(fig. 9.4a, b) we see that they no longer represent f(x). 
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Application of Fourier Sine Series to a Triangular Function 


Fig. 9.5 shows a function which we are going to describe by a sine series in the 


f (x)= x (O< x< 3) 


(x)= m-x (F< x <T) 


f(x) ~ 


Fig. 9.5. Function representing a plucked string and 

defined over a'limited interval. When the string 

vibrates all the permitted harmonics contribute to 
the initial configuration 


Oo 
nla 


half-interval 0 to 7. The function is 

f(x)=x (o<x <5) 
and 

f(x)=a7-x (F<x < r) 


Writing f(x) => b, sin nx gives 


9 ar/2 2 WT 
b, -=| x sin nx dx +=/ (a7 —x) sin nx dx 
TT Jo ar/2 
4 . nt 
=—_— sin — 
n° 17 2 


When n is even sin nzr/2 = 0, so that only terms with odd values of n are present 
and 


a eS i 
Note that at x = 7/2, f(x) = 7/2, giving 


_ ee 
SY 5 FS 2 aoe 
We shall use this result a little later. 
Note that the solid line in the interval 0 to —7 in fig. 9.5 is the Fourier sine 
representation for f(x) repeated outside the interval 0 to 7 whilst the dotted 


sinx sin3x sinSx sin7x ) 


f(x) ==( 
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line would result if we had represented f(x) in the interval 0 to 7 by an even 
cosine series. 


(Problems 9.1, 9.2, 9.3, 9.4, 9.5, 9.6, 9.7, 9.8, 9.9) 


Application to the Energy in the Normal Modes of a Vibrating String 


If we take a string of length / with fixed ends and pluck its centre a distance d we 
have the configuration of the half interval 0 to zw of fig. 9.5 which we 
represented as a Fourier sine series. Releasing the string will set up its normal 
mode or standing wave vibrations, each of which we have shown on page 119 
to have the displacement 


: oi 
y, =(A, cos @, t+ B,, sin w,t) sin 
c 


where w,, = n7c/l is the normal mode frequency. 
The total displacement, which represents the shape of the plucked string at 
t = 0 is given by the Fourier series 


x 
y=) y, =» (A, cos w,t+ B,, sin w,t) sin =a 


where the fixed ends of the string allow only the sine terms in x in the series 
expansion. If the string remains plucked at rest only the terms in x with 
appropriate coefficients are required to describe it, but its vibrational motion 
after release has a time dependence which is expressed in each harmonic 
coefficient as 


A,, COS w,t+B,, sin @,t 


The significance of these coefficients emerges when we consider the initial or 
boundary conditions in time. 


Let us write the total displacement of the string at time t= 0 as 
; gt 
yo(x) =>, yz(x) =¥ (A, cos w,t +B, sin w,,t) sin — 
C 


=) A, sin 
C 


at t=0 
Similarly we write the velocity of the string at time t= 0 as 
0 ; 
vo(x) == yolx) = 2 Yn (x) 


: es 
= (—w,A,, sin w,t+onB,, cos w,t) sin — 
Cc 


WX 


=Y w,B,, sin at t=0 
C 
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Both yo(x) and vo(x) are thus expressed as Fourier sine series, but if the string is 
at rest at t=0, then vo(x) = 0 and all the B,, coefficients are zero, leaving only 
the A,,’s. If the displacement of the string yo(x) = 0 at time t = 0 whilst the string 
is moving, then all the A,,’s are zero and the Fourier coefficients are the w,,B,,’s. 
We can solve for both A,, and w,,B,, in the usual way for if 
WX 


Yo(x) =) A, sin c 


and 


— 
Vo(x) =>. w, B, sin — 
C 


for a string of length / then 
—  WyX 
A, =| yo(x) sin—— dx 
l 0 Cc 


and 


l 
w,B, = =| Vo(x) sin pe dx 
0 Cc 


If the plucked string of mass m (linear density p) is released from rest at t = 0 
(vo(x) = 0) the energy in each of its normal modes of vibration, given on page 
121 as 


E, =4mo,(A,+ By 
is simply 
E, =4mo,An 
because all B,,’s are zero. 
The total vibrational energy of the released string will be the sum )) E,, over 
all the modes present in the vibration. 


Let us now solve the problem of the plucked string released from rest. ‘The 
configuration of fig. 9.5 (string length /, centre plucked a distance d) is given by 


2dx 


Yo(x) i O<x 5 
ee 5<x<l 
SO (duwl, 
ar 29 l a 
A.=7| | “Sin ay + | =A sin 2 a] 
0 l C A 1/2 Cc 


Sd . nt ( aa 
as Sa 
n° 17 2 


l 
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We see at once that A,, = 0 for n even (when the sine term is zero) so that all 
even harmonic modes are missing. The physical explanation for this is that 
the even harmonics would require a node at the centre of the string which is 
always moving after release. 

The displacement of our plucked string is therefore given by the addition of 
all the permitted (odd) modes as 


WX 
yo(x)= ¥ y, (x)= ¥ A, sin —— 
n odd C 


n odd 


where 


8d |. nt 
A, == sin — 
nN WW 


2 
The energy of the nth mode of oscillation is 


64d°>mw~ 


—e i eS eee 
E,. =4mw,An= pee SP 
A4(n° a 


and the total vibrational energy of the string is given by 


| 2 2 1 Zoe 1 
cea) pee Wn _ 6d°c°m 


4 
n odd T nodd lt T 


272 ee. 
l nodd ft 


for 


SO 


where T= pc’ is the constant tension in the string. 

This vibrational energy, in the absence of dissipation, must be equal to the 
potential energy of the plucked string before release and the reader should 
prove. this. 

To summarize, our plucked string can be represented as a sine series of 
Fourier components, each giving an allowed normal mode of vibration when it 
is released. The concept of normal modes allows the energies of each mode to 
be added to give the total energy of vibration which must equal the potential 
energy of the plucked string before release. The energy of the nth mode is 
proportional to n ~ and therefore decreases with increasing frequency. Even 
modes are forbidden by the initial boundary conditions. 
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The boundary conditions determine which modes are allowed. If the string 
were struck by a hammer those harmonics having a node at the point of impact 
would be absent, as in the case of the plucked string. Pianos are commonly 
designed with the hammer striking a point one seventh of the way along the 
string, thus eliminating the seventh harmonic which combines to produce 
discordant effects. 


Fourier Series Analysis of a Rectangular Velocity Pulse on a String 


Let us now consider a problem similar to that of the last section except that now 
the displacement yo(x) of the string is zero at time t = 0 whilst the velocity v(x) 
is non zero. A string of length I, fixed at both ends, is struck by a mallet of width 
a about its centre point. At the moment of impact the displacement 


Yo(x) =0 
but the velocity 
0 
v(x) = 2 = 0 for r-3|=$ 
; a 
= f ——=| <= 
v for FE aS 


This configuration is shown in fig. 9.6. 


t—— Fe 


l 


Fig. 9.6. Velocity distribution at time t= 0 of a string length , 

fixed at both ends and struck about its centre point by a mallet of 

width a. Displacement yo(x) = 0; velocity vo(x) = v for |x —1/2|< 
a/2 and zero outside this region 


The Fourier series is given by 


W,X 


Uo(X) =) Yn =) o,B, sin 
n n Cc 


where 


WnBy os, 


2 1/2+a/2 
i 


= ag, & 
v sin -—— dx 

+1/2—a/2 Cc 

Av nit . nia 


dhilit oses OE 
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Again we see that w,B, =0 for n even (sin na/2=0) because the centre 
point of the string is never stationary, as is required in an even harmonic. 
Thus 
4v . na . Wx 


Vo(x) = =. = sin ee sin 


The energy per mode of oscillation 


E, =4mw7(A>+ B) 
=jmo-B. (All A,’s=0) 


Now 


for the fundamental frequency 


E,,(w) 


Fig. 9.7. Distribution of the energy in the harmonics w,, of the string of 

fig. 9.6. The spectrum E,,(w) xsin* a/a* where a = w,a/2c. Most of 

the energy in the string is contained in the frequency range Aw ~ 

2amc/a, and for a = Ax (the spatial width of the pulse), Ax/c = At and 
Aw At = 27 (bandwidth theorem) 
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So 


2+ 
_4mv'c” , 2 @,a 


= ——--— Sif : 
- l“w, 2c 


Again we see, since w, Cn that the energy of the nth mode on” and 
decreases with increasing harmonic frequency. We may show this by rewriting 


mv’a’ sin’ (w,a/2c) 


E,, (w) = 
ETE eG, af Bey 
mv-a’ sin’ a 
x F- a’ 
where 
a=, a/2c 


and plotting this expression as an energy-frequency spectrum in fig. 9.7. 

The familiar curve of sin” a/a~ again appears as the envelope of the energy 
values for each a,,. 

If the energy at w, is FE, then FE; = E,/9 and E; = E,/25 so the major portion 
of the energy in the velocity pulse is to be found in the low frequencies. The first 
zero of the envelope sin* a/a* occurs when 

wa 


vane Li 


ae as 


so the width of the central frequency pulse containing most of the energy is 
given by 
= 


a 
a 


This range of energy bearing harmonics is known as the ‘spectral width’ of the 
pulse written 
27°C 


Aw =— 
a 


The ‘spatial width’ a of the pulse may be written as Ax so we have 
Ax Aw = 27c 


Reducing the width Ax of the mallet will increase the range of frequencies 
Aw required to take up the energy in the rectangular velocity pulse. Now c is 
the velocity of waves on the string so 


Ax/c 
defines the duration At of the pulse giving 
Aw At=27r 


262 The Physics of Vibrations and Waves 
or 
Av At=1 


the Bandwidth Theorem we first met on page 128. 
Note that the harmonics have frequencies 
n7zC 

oC 
so mc/1 is the harmonic interval. When the length / of the string becomes very 
long and !>© so that the pulse is isolated and non-periodic, the harmonic 
interval becomes so small that it becomes differential and the Fourier series 
summation becomes the Fourier Integral. 


The Spectrum of a Fourier Series 


The Fourier series can always be represented as a frequency spectrum. In fig. 
9.8a the relative amplitudes of the frequency components of the square wave of 
fig. 9.1 are plotted, each sine term giving a single spectral line. In a similar 
manner, the distribution of energy with frequency may be displayed for the 
plucked string of the earlier section. The frequency of the rth mode of vibration 
is given by w, =rc/l, and the energy in each mode varies inversely with = 
where r is odd. The spectrum of energy distribution is therefore given by fig. 
9.8b. 

Suppose now that the length of this string is halved but that the total energy 
remains constant. The frequency of the fundamental is now increased to 
w'=2rmc/l and the frequency interval between consecutive spectral lines is 
doubled (fig. 9.8c). Again, the smaller the region in which a given amount of 
energy is concentrated the wider the frequency spectrum required to represent 
it. 

Frequently, as in the next section, a Fourier series is expressed in its complex 
or exponential form 


f(t) = = d,, ——— 


where 2d, = a,,—ib,, (n=O) and 2d, =a, +ib, (n <0). 
Because 

cos nwt =4(e"" +e") 
and 


inwt == seas 


sin n ps Sigs 
ae 


a frequency spectrum in the complex plane produces two spectral lines for each 
frequency component nw, one at +nw and the other at —nw. Fig. 9.8d shows the 
cosine representation, which lies wholly in the real plane, and fig. 9.8e shows 
the sine representation, which is wholly imaginary. The amplitudes of the lines 
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£ 


f(x) =A? (sinx+4 


sin 3x + sin 5x+ = sin 7x) 


Frequency 
spectrum 


t ah 
(a) Ah Tr 


(c) —. s. 
2 
Real Imaginary 
plane plane 
(d) (e) 
inwl -inwt es 
nye aes : (e+e) sin Nw? = fle 2 


Fig. 9.8. (a) Fourier sine series of a square wave represented 
as a frequency spectrum; (b) energy spectrum of a plucked 
string of length /; and (c) the energy spectrum of a plucked 
string of length //2 with the same total energy as (b), demon- 
strating the bandwidth theorem that the greater the concen- 
tration of the energy in space or time the wider its frequency 
spectrum. Complex exponential frequency spectrum of 
(d) cos wt and (e) sin wt 
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in the positive and negative frequency ranges are, of course, complex conju- 
gates, and the modulus of their product gives the square of the true amplitude. 
The concept of a negative frequency is seen to arise because the e ‘" term 
increases its phase in the opposite sense to that of the positive term e'"””. The 
negative amplitude of the negative frequency in the sine representation 


indicates that it is in antiphase with respect to that of the positive term. 


Fourier Integral 


At the beginning of this chapter we saw that one Fourier representation of the 
function could be written 


fx)= ¥ d,e™ 


n=—o 


where 2d,, = a, —ib, (n=O) and 2d, =a, +ib, (n<0O). 
If we use the time as a variable we may rewrite this as 


f= Sd, en 


where, if T is the period, 
rt : 
d, = =| pe a 
Figs / 


(for n = —2, 1, 0, 1, 2, ete.). 
If we write w = 27v,, where v; is the fundamental frequency, we can write 


f(t)= : (fe f(t) eet, | gimme 2 


n=—ool/—T/ : & 


If we now let the period T approach infinity we are isolating a single pulse 
by saying that it will not be repeated for an infinite period; the frequency 
v,;=1/T-0, and 1/T becomes infinitesimal and may be written dv. 

Furthermore, n times v,;, when n becomes as large as we please and 
1/T=v,->0, may be written as nv; = v, and the sum over n now becomes an 
integral, since unit change in n produces an infinitesimal change in n/T = nv. 

Hence for an infinite period, that is for a single non-periodic pulse, we may 
write 


oe) co 


f(t) = | ‘ fhe == ar| e™ dy 


— — 


which is called the Fourier Integral. 
We may express this as 


ee) 


fis | F(v) e?”"' dv 


Fourier Methods 265 


where 


F(v)= | fhe? dt 
is called the Fourier Transform of f(t). We shall discuss the transform in more 
detail in a later section of this chapter. 

We see that when the period is finite and f(t) is periodic, the expression 


oO . 
f(t) — > d,, Piao 
tells us that the representation is in terms of an infinite number of different 
frequencies, each frequency separated by a finite amount from its nearest 
neighbour, but when f(t) is not periodic and has an infinite period then 


f(t= | F(v) ee?” dv 
= 
and this expression is the integral (not the sum) of an infinite number of 
frequency components of amplitude F(v) dv infinitely close together, since v 
varies continuously instead of in discrete steps. 
For a periodic function the amplitude of the Fourier series coefficient 


1 T/2 
d,, ==| Ge" di 
apes 


whereas the corresponding amplitude in the Fourier integral is 


F(v)dv=d (2)f f(the " dt 


=o 


This corroborates the statement we made when discussing the frequency 
spectrum that the narrower or less extended the pulse the wider the range of 
frequency components required to represent it. A truly monochromatic wave 
of one frequency and wavelength (or wave number) requires a wave train of 
infinite length before it is properly defined. 

No wave train of finite length can be defined in terms of one unique 
wavelength. 

Since a monochromatic wave, infinitely long, of single frequency and con- 
stant amplitude transmits no information, its amplitude must be modified by 
adding other frequencies (as we have seen in Chapter 4) before the variation in 
amplitude can convey information. These ideas are expressed in terms of the 
bandwidth theorem. 


Fourier Transforms 


We have just seen that the Fourier integral representing a non-periodic wave 
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group can be written 


CO 


f(p= | F(v) ee?” dv 


where its Fourier transform 


F(v)= | fie oa 


so that integration with respect to one variable produces a function of the other. 
Both variables appear as a product in the index of an exponential, and this 
product must be non-dimensional. Any pair of variables which satisfy this 
criterion forms a Fourier pair of transforms, since from the symmetry of the 
expressions we see immediately that if 


F(v) is the Fourier transform of f(t) 
then 
f(—v) is the Fourier transform of F(t) 


If we are given the distribution in time of a function we can immediately 
express it as a spectrum of frequency, and vice versa. In the same way, a given 
distribution in space can be expressed as a function of wave numbers (this 
merely involves a factor, 1/27, in front of the transform because k = 27/4). 

A similar factor appears if w is used instead of v. If the function of f(t) is even 
only the cosine of the exponential is operative, and we have a Fourier cosine 
transform ee 


f(p= [ F(v) cos 2avt dv 


and 


co 


F(v)= | f(t) cos 2avt dt 


0 


If f(t) is odd only the sine terms operate, and sine terms replace the cosines 
above. Note that only positive frequencies appear. The Fourier transform of an 
even function is real and even, whilst that of an odd function is imaginary and 
odd. 


Examples of Fourier Transforms 


The two examples of Fourier transforms chosen to illustrate the method are 
of great physical significance. They are 


(1) the ‘slit’ function of fig. 9.9a, and 
(2) the Gaussian function of fig. 9.11. 


4 


Ps 
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As shown, they are both even functions and their transforms are therefore real; 
the physical significance of this is that all the frequency components have the 
same phase at zero time. 


(b) 


Fig. 9.9. (a) Narrow slit function of extent d 
in time and of height h, and (b) its Fourier 
transform 


The Slit Function 


This is a function having height h over the time range +d/2. Thus f(t) = h for 
|t|<d/2 and zero for |t|>d/2, so that 
00 d/2 


F(v) om | f(t) igre dt= | h a dt 

—oo —d/2 

=f —i2avd/2 __ +i2avd/2 sin a 

= a = hd 
To ? 
where 
2avd 
(64 oe 
2 


Again we see the Fourier transformation of a rectangular pulse in time to a 
sin a/a@ pattern in frequency. The Fourier transform of the same pulse in space 
will give the same distribution as a function of wavelength. Fig. 9.9b shows that 
as the pulse width decreases in time the separation between the zeros of the 
transform is increased. The negative values in the spectrum of the transform 
indicate a phase reversal for the amplitude of the corresponding frequency 
component. 


The Fourier Transform Applied to Optical Diffraction from a Single Slit 


This topic belongs more properly to the next chapter where it will be treated by 
another method, but here we derive the fundamental result as an example of 
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the Fourier Transform. The elegance of this method is seen in problems more 
complicated than the one-dimensional example considered here. We shall see 
its extension to two dimensions in Chapter 10 when we consider the diffraction 
patterns produced by rectangular and circular apertures. 

The amplitude of light passing through a single slit may be represented in 
space by the rectangular pulse of fig. 9.9a where d is now the width of the slit. A 
plane wave of monochromatic light, wavelength A, falling normally on a screen 
which contains the narrow slit of width d~A, forms a secondary system of 
plane waves diffracted in all directions with respect to the screen. When these 
diffracted waves are focused on to a second screen the intensity distribution 
(square of the amplitude) may be determined in terms of the aperture dimen- 
sion d, the wavelength A and the angle of diffraction 0. 

In fig. 9.10 the light diffracted through an angle @ is brought to focus at a 
point P on the screen PP». Finding the amplitude of the light at P is the simple 
problem of adding all the small contributions in the diffracted wavefront taking 
account of all the phase differences which arise with variation of path length 
from P to the points in the slit aperture from which the contributions originate. 
The diffraction amplitude in k or wave number space is the Fourier transform 
of the pulse, width d, in x space in fig. 9.9b. The conjugate parameters v and f 
are exactly reciprocal but the product of x and k involves the term 27 which 
requires either a constant factor 1/27 in front of one of the transform integrals 


source of 
monochromatic 


light 


sing 


ae ee 


Condenser Slit of 
lens width 7 Focusing Plane of 
lens diffraction 
pattern 


Fig. 9.10. A monochromatic plane wave normally 
incident on a narrow slit of width d is diffracted an 
angle 6, and the light in this direction is focused at a 
point P. The amplitude at P is the superposition of 
all contributions with their appropriate phases with 
respect to the central point in the slit. The contribu- 
tion from a point x in the slit has phase ¢= 
27rx sin 6/A with respect to the central contribution. 
The phase difference from contributing points on 
opposite edges of the slit is 6 = 27d sin 0/A =2a 
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or a common factor 1/ V2 in front of each. This factor is however absorbed 
into the constant value of the maximum intensity and all other intensities are 
measured relative to it. 

The constant pulse height now measures the amplitude h of the small wave 
sources across the slit width d and the Fourier transform method is the addition 
by integration of their contributions. 

In fig. 9.10 we see that the path difference between the contribution at the 
centre of the slit and that at a point x in the slit is given by x sin 6, so that the 
phase difference is 


fs 
o=—-x sin 6 = kx sin 0 


The product kx sin 6 can, however, be expressed in a form more suitable for 
extension to two- and three-dimensional examples by writing it ask. x= klx, 
the scalar product of the vector k, giving the wave propagation direction, and 
the vector x, / being the direction cosine 


1 =cos (7/2—@) 
= sin 0 


of k with respect to the x-axis. | 
Adding all the small contributions across the slit to obtain the amplitude at P 
by the Fourier transform method gives 


F(k) =5— | f(x)e'? dx 


h 1 s 
et (e ikld/2 __ es 


—ikl 2a 
= Ai, 
-ikl2n (2 . 
_ dh sin a 
217 a 
where | 
kl 
a Sa sin 6 
SS. 


The intensity J at P is given by the square of the amplitude, that is, by the 
product of F(k) and its complex conjugate F*(k), so that 
oe *h’ sin? a 


») 7) 
4m” 6 
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where Jo, the principal maximum intensity at a = 0, (Pp in fig. 9.10) is now 
d*h? 


0° aa? 


The Gaussian or Normal Error Distribution 


This curve often appears as the wave group description of a particle in wave 
mechanics. The Fourier transform of a Gaussian distribution is another Gaus- 
sian distribution. 


0 U 
(b) 


Fig. 9.11. (a) A Gaussian function Fourier transforms 
(b) into another Gaussian function 


In fig. 9.11a the Gaussian function of height h is symmetrically centred at 
time t=0, and is given by f(t)=h e °/?°" where the width parameter or 
standard deviation o is that value of t at which the height of the curve has a 
value equal to e '/° of its maximum. 


Its transform is 


(oe) 


F(v) = | h = aoe dt 


=O 


fore) 
=| h Po fee asa a 2atete? dt 
—x 


e@) 
= h oS eV 2otiv2 mv)? dt 


The integral 2 


oO 


| @"dx=Va 
and substituting, with x = (t/ J/20 +iV2 ma) and dt=V2a dx, gives 


F(v)=hV2m0e 7°” 


another Gaussian distribution in frequency space (fig. 9.11b) with a new height 
hoV 27 and a new width parameter (V2770) ". 


Fourier Methods I74 


5 function 


(a) 
5 function (4) 


(b) : 
Fig. 9.12. (a) A family of normalized Gaussian 
functions narrowed in the limit to Dirac’s delta 
function; (b) the family of their Fourier trans- 
forms 


As in the case of the slit and the diffraction pattern, we see again that a 
narrow pulse in time (width a) leads to a wide frequency distribution [width 
(V2a0) *]. 

When the curve is normalized so that the area under it is unity, h takes the 
value (V220) because 


1 3 —t2/202 
e dt=1 
V2 710 4_26 


Thus the height of a normalized curve transforms into a pulse of unit height 


whereas a pulse of unit height transforms to a pulse of width (V2a0) 7. 

If we consider a family of functions with progressively increasing h values 
and decreasing o values, each satisfying the condition of unit area under their 
curves, we are led in the limit as the height h > 00 and the width o >0 to an 
infinitely narrow pulse of finite area unity which defines the Dirac delta (8) 
function. The transform of such a function is the constant unity, and figs. 9.12a 
and b show the family of normalized Gaussian distributions and their trans- 
forms. Fig. 9.13 shows a number of common Fourier transform pairs. 


(Problems 9.10, 9.11, 9.12, 9.13, 9.14, 9.15, 9.16, 9.17) 
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Tsosceles 
triangle 


Step function 


AFiwit Pit 
FDA z 


Cosine wave (w,) amplitude 
modulated at w. . 


Fig. 9.13. Some common Fourier transform 
pairs 
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Problem 9.1 


After inspection of the two wave forms in the diagram what can you say about the values 
of the constant, absence or presence of sine terms, cosine terms, odd or even harmonics, 
and range of harmonics required in their Fourier series representation? (Do not use any 
mathematics.) 


27 Zs T 27 


Problem 9.2 


Show that if a periodic waveform is such that each half-cycle is identical except in sign 
with the previous one, its Fourier spectrum contains no even order frequency compo-_ 
nents. Examine the result physically. 


Problem 9.3 


A half-wave rectifier removes the negative half-cycles of a pure sinusoidal wave 
y =h sin x. Show that the Fourier series is given by 


h 2 2 2 
y= (14% sin x c0s 2x 5 00s 4x F008 6x : ) 


Problem 9.4 


A full-wave rectifier merely inverts the negative half-cycle in problem 9.2. Show that 
this doubles the output and removes the undesirable modulating ripple of the first 
harmonic. 


Problem 9.5 


Show that f(x) =x may be represented in the interval +7 by 
4 
f(x) =39’° +> (-1)"5 cos nx 


Problem 9.6 


Use the square wave sine series of unit height f(x) = 4/7 (sin x +3 sin 3x +5 sin 5x) to 
show that 
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Problem 9.7 
An infinite train of pulses of unit height, with pulse duration 27 and a period between 


pulses of T; is expressed as 
f(t\)}=0 for --T<t<-r 
=] for-Tr<t<T 
=0 for r<t<5T 
and 
f(t+ T)= f(t) 
Show that this is an even function with the cosine coefficients given by 


ot. 7 
GQ = sr ie 
"nar Tr 


Problem 9.8 

Show, in problem 9.7, that as t becomes very small the values of a, >47/T and are 
independent of n, so that the spectrum consists of an infinite set of lines of constant 
height and spacing. The representation now has the same form in both time and 
frequency; such a function is called ‘self reciprocal’. What is the physical significance of 
the fact that as Tr > 0, a, > 0? 

Problem 9.9 


The pulses of problems 9.7 and 9.8 now have amplitude 1/27 with unit area under each 
pulse. Show that as 7> 0 the infinite series of pulses is given by 


| aS 
f(t) ie. x cos 2ant/ T 


Under these conditions the amplitude of the original pulses becomes infinite, the 
energy per pulse remains finite and for an infinity of pulses in the train the total energy in 
the waveform is also infinite. The amplitude of the individual components in the 
frequency representation is finite, representing finite energy, but again, an infinity of 
components gives an infinite energy. 


Problem 9.10 
The unit step function is defined by the relation 


f(t)=1 (t>0) 
=0 (t<0) 


t 
VACE) 


This is a very important function in physics and engineering, but it does not satisfy the 
criteria for Fourier representation because its integral is not finite. A similar function of 
finite period will satisfy the criteria. If this function is defined 


f(t)=1(0<t<T) 


=( elsewhere 
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show that if the transform 


F(w) = | A f(t)e"™ dt= bo dt 


—0oo 


1 
=—[1-e"7] 
1@ 
then for large T 


oe es 
f(t) =1+—-| — 
27 Joo 10) 
(Note that the integral of the second term gives —a for t<0O and +7 for t>0. This 
spectral representation is shown in fig. 9.13). 


Problem 9.11 
Optical wave trains emitted by radiating atoms are of finite length and only an infinite 
wave train may be defined in terms of one frequency. The radiation from atoms 
therefore has a frequency bandwidth which contributes to the spectral linewidth. The 
random phase relationships between these wave trains create incoherence and produce 
the difficulties in obtaining interference effects from separate sources. 

Let a finite length monochromatic wave train of wavelength A, be represented by 


fit) = foe?” 


and be a cosine of constant amplitude f, extending in time between +7/2. The distance 
| = cr is called the coherence length. This finite train is the superposition of frequency 
components of amplitude F(v) where the transform gives 


f(j= - F(v) e*”™" dt 


so that 


F(v)= | f(the'?”™ dt 


+7/2 

a | i Pi dt 
=the 

Show that 

sin [a(v— v9)T] 

Die pe | gees saoreeaes 

(vy —Vo9)T 

and that the relative energy distribution in the spectrum follows the intensity distribu- 

tion curve in a single slit diffraction pattern. 


Problem 9.12 


Show that the total width of the first maximum of the energy spectrum of problem 9.11 
has a frequency range 2Av which defines the coherence length / of problem 9.11 as 
AG/AA. 


Problem 9.13 


For a ruby laser beam the value of Av in problem 9.12 is found to be 10* Hertz and 
Ay = 6-936 x 10°’ metres. Show that AA = 1-6 107’ metres and that the coherence 
length / of the beam is 3 x 10* metres. 


Problem 9.14 


The energy of the finite wave train of the damped simple harmonic vibrations of the 
radiating atom in Chapter 1 was described by E=E,e “’°. Show from physical 
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arguments that this defines a frequency bandwidth in this train of Aw about the 
frequency wo, where the quality factor Q = w,)/Aw. (Suggested line of argument—at the 
maximum amplitude all frequency components are in phase. After a time 7 the 
frequency component w, has changed phase by w,)r. Other components have a phase 
change which interfere destructively. What bandwidth and phase change is acceptable?) 


Problem 9.15 


Consider problem 9.14 more formally. Let the damped wave be represented as a 
function of time by 


f(t) =f ei27ot e Vt 

where f, is constant and 7 is the decay constant. 

Use the Fourier transform to show that the amplitudes in the frequency spectrum are 
given by 

fo 

1/7+i27(v— vo) 

Write the denominator of F(v) as re’ to show that the energy distribution of 
frequencies in the region of v — vp is given by 
fo _ fo 
r> (1/7)? +(@ — @o) 


F(v)= 


[F(v) |? = 


Problem 9.16 


Show that the expression |F(v)|’ of problem 9.15 is the resonance power curve of 
Chapter 2; show that it has a width at half the maximum value (fo7)° which gives 
Av = 1/77, and show that a spectral line which has a value of AA in problem 9.12 equal 
to 3X 10°° metres has a finite wave train of coherence length equal to 32 x 10° metres 
(32 microns) if Aj =5:46 x 10°’ metres. 


Problem 9.17 

The Fourier transform of a rectangular pulse of height h and width d is F(v)= 
hd sin a/a where a = 27rvd/2. Show that the Fourier transform of an isosceles triangu- 
lar function height h length 2d is given by 


9 
n 
Fol= ee 


where a = 27vd/2. 

Observe that the triangular pulse is produced by sliding one rectangular pulse of 
height h width d along its base over a similar pulse, any coordinate on the triangular 
pulse being a measure of the overlaps between the pulses (the peak measuring their 
complete overlap). Such a process is called convolution. 


Summary of Important Results 
Fourier series 


Any function may be represented in the interval +7 by 


f(x) =4a9+¥, a, cos nx +¥ b, sin nx 
1 1 
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where 
1 21 
a,= =| f(x) cos nx dx 
ce) 


and 


1 27 
b,, = =| f(x) sin nx dx 
TT 40 


Fourier integral 


A single non-periodic pulse may be represented as 
+00 +00 ; >. 
f(t) = | | f(t) a ar| Pied dv 


OF aS 


+00 


f(t)= | F(v)e"™' dv 
where 
F(v)= f(t)e ?7"' dt 


f(t) and F(v) are Fourier Transforms of each other. When t is replaced by x and 
v by k the right hand side of each transform has a factor 1/ J/2a. The Fourier 
Transform of a rectangular pulse has the shape of sin a/a. (Important in optical 
diffraction.) 


Chapter 10 


Waves in Optical Systems 


Light. Waves or Rays? 


Light exhibits a dual nature. In practice, its passage through optical instruments 
such as telescopes and microscopes is most easily shown by geometrical ray 
diagrams but the fine detail of the images formed by these instruments is 
governed by diffraction which, together with interference, requires light to 
propagate as waves. The earlier parts of this chapter will correlate the 
geometrical optics of these instruments with wavefront propagation. Later 
we shall consider the effects of interference and diffraction. 

The electromagnetic wave nature of light was convincingly settled by Clerk— 
Maxwell in 1864 but as early as 1690 Huygens was trying to reconcile waves 
and rays. He proposed that light be represented as a wavefront, each point 
on this front acting as a source of secondary wavelets whose envelope became 
the new position of the wavefront, fig. 10.1(a). Light propagation was seen 
as the progressive development of such a process. In this way reflexion and 
refraction at a plane boundary separating two optical media could be explained 
as shown in fig. 10.1(b) and (c). 

Huygens’ theory was explicit only on those contributions to the new wave- 
front directly ahead of each point source of secondary waves. No statement 
was made about propagation in the backward direction nor about contributions 
in the oblique forward direction. Each of these difficulties is resolved in the 
more rigorous development of the theory by Kirchhoff which uses the fact 
that light waves are oscillatory. 

The way in which rays may represent the propagation of wavefronts is 
shown in fig. 10.2 where spherically diverging, plane and spherically converg- 
ing wavefronts are moving from left to right. All parts of the wavefront (a 
surface of constant phase) take the same time to travel from the source and 
all points on the wavefront are the same optical distance from the source. 
This optical distance must take account of the changes of refractive index 
met by the wavefront as it propagates. If the physical path length is measured 
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Plane wavefront 


Diverging — Converging 


wavefront wavefront 


Fig. 10.2. Ray representation of sphericaliy diverging, plane and spheri- 
cally converging wavefronts 


as x in a medium of refractive index n then the optical path length in the 
medium is the product nx. In travelling from one point to another light chooses 
a unique optical path which may always be defined in terms of Fermat’s 
Principle. 


Fermat’s Principle 


Fermat’s Principle states that the optical path length has a stationary value; 
its first order variation or first derivative in a Taylor series expansion is zero. 
This means that when an optical path lies wholly within a medium of constant 
refractive index the path is a straight line, the shortest distance between its 
end points, and the light travels between these points in the minimum possible 
time. When the medium has a varying refractive index or the path crosses 
the boundary between media of different refractive indices the direction of 
the path always adjusts itself so that the time taken between its end points 
is a minimum. Fermat’s Principle is therefore sometimes known as the Prin- 
ciple of Least Time. Fig. 10.3 shows examples of light paths in a medium of 
varying refractive index. As examples of light meeting a boundary between 
two media we use Fermat’s Principle to derive the laws of reflexion and 
refraction. 


The Laws of Reflexion 


In Fig. 10.4(a) Fermat’s Principle requires that the optical path length OSI 
should be a minimum where O is the object, S lies on the plane reflecting 
surface and I is the point on the reflected ray at which the image of O is 
viewed. The plane OSI must be perpendicular to the reflecting surface for, if 
reflexion takes place at any other point S’ on the reflecting surface where 
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Fig. 10.3. Light takes the shortest optical path in a medium of varying 

refractive index. (a) A light ray from the sun bends towards the earth in 

order to shorten its path in the denser atmosphere. The sun remains visible 

after it has passed below the horizon. (b) A light ray avoids the denser 

atmosphere and the road immediately below warm air produces an apparent 
reflexion 


OSS’ and ISS’ are right angles then evidently OS’>OS and IS'>IS, giving 
OS'I> OSI. 

The laws of reflexion also require, in fig. 10.4(a) that the angle of incidence 
i equals the angle of reflexion r. If the co-ordinates of O, S and I are those 


shown and the velocity of light propagation is c then the time taken to traverse 
OS is 


t=(x*+y7)'/c 
and the time taken to traverse SI is 
t'=[(X-x)t+y7]7/c 
so that the total time taken to travel the path OSI is 


PD SPte 
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O(0,y) 


(a) (b) 


Fig. 10.4. The time for light to follow the path OSI is a 

minimum (a) in reflexion, when OSI forms a plane perpen- 

dicular to the reflecting surface and i=? - and (b) in refraction, 
when n sini =n'sinr’ (Snell’s Law) 


The position of S is now varied along the x axis and we seek, via Fermat’s 
Principle of Least Time, that value of x which minimizes T, so that 


dT A= 
OF psi len ee 


But 
x = 
(x2 +y2)” == rt 

and 
A—2 

[(x—xyP+yyr 
Hence 
sini =sinr 
and 
i=? 


The Law of Refraction 


Exactly similar arguments lead to Snell’s Law, already derived on page 237. 
Here we express it as 


nsini=n’' sinr’ 
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where / is the angle of incidence in the medium of refractive index n and r’ 
is the angle of refraction in the medium of refractive index n’ (n’>n). In fig. 
10.4(b) a plane boundary separates the media and light from O (0, y) is 
refracted at S (x, 0) and viewed at I (X, Y) on the refracted ray. If v and v’ 
are respectively the velocities of light propagation in the media n and n’ then 
OS is traversed in the time 


t=(x*+y7)'/*/v 
and SI is traversed in the time 
t=[(K —x)? + ¥7]}7/0' 
The total time to travel from O to I is T=t+t' and we vary the position 


of S along the x axis which lies on the plane boundary between n and n’, 
seeking that value of x which minimizes T. So 


df =41 x 1 (X —x) 


—— = > > Es eeeOe—O 
dx ve +y)"" vo [(X-xV¥+Y7]” 
where 
aiid 
(x7 +y7)'"" 
and 
(A =x) = 
But 
lin 
oe 
and 
te 
a - 
Hence 


n sini=n'sinr’ 
Rays and Wavefronts 


Fig. 10.2 showed the ray representation of various wavefronts. In order to 
reinforce the concept that rays trace the history of wavefronts we consider 
the examples of a thin lens and a prism. 


The Thin Lens 


In fig. 10.5 a plane wave in air is incident normally on the plane face of a 
plano convex glass lens of refractive index n and thickness d at its central 
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Plane 
wavefront 
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Fig. 10.5. A plane wavefront is normally incident on a plano- 
convex lens of refractive index n and thickness d at the central 
axis. The radius of the curved surface R »d. The wavefront is a 
surface of constant phase and the optical path length is the same 
for each section of the wavefront. At a radius r from the central 
axis the wavefront travels a shorter distance in the denser medium 
and the lens curves the incident wavefront which converges at a 
distance R/(n —1) from the lens 


axis. Its spherical face has a radius of curvature R »>d. The power of a lens 
to change the curvature of a wavefront is the inverse of its focal length f. A 
lens of positive power converges a wavefront, negative power diverges the 
wavefront. 

Simple ray optics gives the power of the plano convex lens as 


1 1 
P= 7 (a —T1) R 
but we derive this result from first principles that is, by considering the way 
in which the lens modifies the wavefront. 

At the central axis the wavefront takes a time t=nd/c to traverse the 
thickness d. At a distance r from the axis the lens is thinner by an amount 
r*/2R (using the elementary relation between the sagitta, arc and radius of 
a circle) so that, in the time t=nd/c, points on the wavefront at a distance r 
from the axis travel a distance 


(d—-r’?/2R) 


in the lens plus a distance (r7/2R +z) in air as shown in the figure. Equating 
the times taken by the two parts of the wave front we have 


nd/c =(n/c)(d —r?/2R)+(1/c)(z +r7/2R) 
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which yields 
z=(n—1)r7/2R 


But this is again the relation between the sagitta z, its arc and a circle of 
radius R/(n —1) so, in three dimensions, the locus of z is a sphere of radius 
R/(n—1) and the emerging spherical wavefront converges to a focus at a 
distance 


f=R/(n-1) 
(Problems 10.1, 10.2, 10.3) 


The Prism 


In fig. 10.6 a section, height y, of a plane wavefront in air is deviated through 
an angle 6 when it is refracted through an isosceles glass prism, base /, vertex 
angle @ and refractive index n. Experiment shows that there is one, and only 


Central 
vertical 


Central 
vertical 
axis 


Mirror 


Fig. 10.6. A plane wavefront suffers minimum deviation (@min) when 

its passage through a prism is symmetric with respect to the central 

vertical axis (i =i’). The wavefront obeys the Optical Helmholtz 

Condition thea ny tana is a constant where n is the refractive index, 
y is the width of the wavefront and a is shown. (Here & =@’) 
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one, value of the incident angle i for which the angle of deviation is a 
minimum = @,,:,. It is easily shown using ray optics that this unique value of 
i requires the passage of the wavefront through the prism to be symmetric 
about the central vertical axis as shown in the figure so that the incident angle 
i equals the emerging angle i'. Equating the lengths of the optical paths AVA’ 
and BB’ (=n/) followed by the edges of the wavefront section gives the familiar 


result 
sin (= F) sin B 
ee ae = 
| 2 z 


which is used in the standard experiment to determine n, the refractive index 
of the prism. 

Now there is only one value of i which produces minimum deviation and 
this leads us to expect that the passage of the wavefront will be symmetric 
about the central vertical axis for if a plane mirror (M in the figure) is placed 
parallel to the emerging wavefront the wavefront is reflected back along its 
original path, and if ii’ there would be two values of incidence, each 
producing minimum deviation. 

However, the real argument for symmetry from a wavefront point of view 
depends on the optical Helmholtz equation which we shall derive on page 
294. This states that the product ny tan a remains constant as it passes through 
an optical system irrespective of the local variations of the factors n, y and 
tan a. Now the wavefront has the same width on entry into and exit from the 
prism so y = y’ and although n changes at the prism faces the initial and final 
medium for the wavefront is air where n = 1. 

Hence, from the optical Helmholtz equation tan a = tan a' in fig. 10.6. It 
is evident that as long as its width y = y’ the wavefront section will turn through 
a minimum angle when the physical path length BB’ followed by its lower 
edge is a maximum with respect to AVA’, the physical path length of its 
upper edge. 


Ray Optics and Optical Systems 


An optical system changes the curvature of a wavefront. It is formed by one 
or more optical surfaces separating media of different refractive indices. In 
fig. 10.7 rays from the object point P pass through the optical system to form 
an image point P’. When the optical surfaces are spherical the line joining P 
and P’, which passes through the centres of curvature of the surfaces, is called 
the optical axis. This axis cuts each optical surface at its pole. If the object 
lies in a plane normal to the optical axis its perfect image lies in a conjugate 
plane normal to the optical axis. Conjugate planes cut the optical axis at 
conjugate points, e.g. P and P’. In fig. 10.7 the plane at +00 has a conjugate 
focal plane cutting the optical axis at the focal point Fy. The plane at —°o has 
a conjugate focal plane cutting the optical axis at the focal point F;. 
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Positive 
curvature 


Negative 
Curvature 


Optic axis 


Direction of 
incident light 


Fig. 10.7. Optical system showing direction of incident light from 

left to right and optical surfaces of positive and negative curvature. 

Rays from P pass through P’ and this defines P and P’ as conjugate 

points. The conjugate point of Fo is at +00, the conjugate point of F; 
is at —0O 


Paraxial Rays 


Perfect geometrical images require perfect plane and spherical optical surfaces 
and in a real optical system a perfect spherical optical surface is obtained by 
using only that part of the wavefront close to the optical axis. This means 
that all angles between the axis and rays are very small. Such rays are called 
paraxial rays. 


Sign Convention 


The convention used here involves only the signs of lengths and angles. The 
direction of incident light is positive and is always taken from left to right. 
Signs for horizontal and vertical directions are Cartesian. If AB=/ then 
BA=-l. The radius of curvature of a surface is measured from its pole to 
its centre so that, in fig. 10.7, the convex surface presented to the incident 
light has a positive radius of curvature and the concave surface has a negative 
radius of curvature. 

The Cartesian convention with origin O at the right angles of fig. 10.8 gives 
the angle between a ray and the optical axis the sign of its tangent. 

If the angle between a ray and the axis is a then, for paraxial rays 


sina =tana =a 
and 
cosa =1 
so that Snell’s Law of Refraction 
nsini=n'sinr’ 
becomes 


ni=nr 
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—— of 
incident light 


Fig. 10.8. Sign convention for 
lengths is Cartesian measured from 
the right angles at O. Angles take 


the sign of their tangents. O is 
origin of measurements 


Power of a Spherical Surface 


In figs. 10.9(a) and (b) a spherical surface separates media of refractive indices 
n and n'. Any ray through P is refracted to pass through its conjugate point 
P’. The angles are exaggerated so that the base of h is very close to the pole 
of the optical surface which is taken as the origin. In fig. 10.9(a) the signs of 
R, l' and a' are positive with / and a negative. In fig. 10.9(b) R, /, /', a and 
a' are all positive quantities. In both figures Snell’s Law gives 


ni=n'r' 
1.€. 
n(@—a)=n'(@-a’) 
or 
n'a’ —na =(n'—n)o =("—") h =Ph (10.1) 
Thus 
i ute op (10.2) 


fi 2ikts tal 


where P is the power of the surface. For n’>n the power P is positive and 
the surface converges the wavefront. For n’<n, P is negative and the wave- 
front diverges. When the radius of curvature R is measured in metres the 
units of P are dioptres. 


Magnification by the Spherical Surface 


In fig. 10.10 the points QQ’ form a conjugate pair, as do PP’. The ray QQ' 
passes through C the centre of curvature, PQ is the object height y, P’ Q’ is 
the image height y’ so 


nt=nr 
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(a) A, l',a are positive 
/,a@ are negative 


A./,1/.a,a' are positive 
(b) 
Fig. 10.9. Spherical surface separating media of refractive 
indices n and n’. Rays from P pass through P’. Snell’s Law gives 
the power of the surface as 


gives 
ny/l=n'y'/U’ 
or 
nyh/l=n'y'h/l' 
that is 


nya =n'y'a' 
The Transverse Magnification is defined as 
Mr =y'/y =nl'/n'l. 


The image y’ is inverted so y and y’ (and / and /') have opposite signs. 
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Fig. 10.10. Magnification by a spherical surface. The 

paraxial form of the Optical Helmholtz Equation is 

nya =n'y’a' so Transverse magnification Mz = y'/y = 

nl'/In' Angular magnification M, = a'/a. Note that the 

image is inverted so y and y’ (and / and /’) have opposite 
signs 


The Angular Magnification is defined as 
M,, =a'/a 
Note that 
Mr =n/n'M, 


which, being independent of y, applies to any point on the object so that the 
object in the plane P is similar to the image in the plane P’. 

A series of optical surfaces separating media of refractive indices n, n' n" 
yields the expression 


nya — n'y'a’ — n"y"a" 
which is the paraxial form of the optical Helmholtz equation quoted on page 
286 and derived on page 294. 
Power of Two Optically Refracting Surfaces 


In fig. 10.11 the refracting surfaces have powers P; and P> respectively. At 
the first surface equation (10.1) gives 


nia,;—na =Pyh, 
and at the second surface 

n'a'—nya,=Pprh>. 
Adding these equations gives 


n'a'—na =Pjh,+P zh, 
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space 


First refractive Second refractive 
surface surface 


Fig. 10.11. Two optically refracting surfaces of power P; and 
P, have a combined power of 


1 
P =—(P,h,+ Ph?) 
h, 


If the object is located at —°0 so that a = 0 we have 
n'a’ =Pyh,+Poh2 


or 
a 
a =o (Pah + P2h2) 
This gives the same image as a single element of power P if 
re 1 
a =—(Pyh, + Ph) = —Ph; 
n n 


where 


1 
P=7-(Pihi + Paha) (10.3) 
1 


is the total power of the system. This is our basic equation and we use it first 
to find the power of a thin lens in air. 


Power of a Thin Lens in Air (fig. 10.12) 
Equation (10.2) gives 


7 jg Bae 
for each surface, so that in fig. 10.12 


P,=(ni—1)/Ri 


292 The Physics of Vibrations and Waves 


Fig. 10.12. A thin lens of refractive index n,, and radii of 
surface curvatures R, and R> has a power 


Raia sMgncap =p 


where f’ is the focal length. In the figure R; is positive and 
R> is negative 


and 
P,=(1—n;)/R> 
From equation (10.3) 


1 
P=—(P,h,+Pph2) 
hy, 


with 
h,=hz 
we lhiave 
P=P,+P, 


so the expression for the thin lens in air with surfaces of power P; and P2 
becomes 


1 
P =-_—_— 
roy 
where f’ is the focal length. 
Applying this result to the plano convex lens of page 284 we have R; = 0 
and R> negative from our sign convention. This gives a positive power which 
we expect for a converging lens. 


Effect of Refractive Index on the Power of a Lens 


Suppose, in fig. 10.13, that the object space of the lens remains in air (n = 1) 
but that the image space is a medium of refractive index n> #1. How does 
this affect the focal length in the medium n3? 
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Fig. 10.13. The focal length of a thin lens measured 
in the medium n} is given by f2 =n3/f" where f’ is the 
focal length of the lens measured in air 


If P is the power of the lens in air we have 
n5a'—na = Ph, 
and for 
a =0 
we have 
a’ =Ph;/nz =h,/nof' 


where f’ is the focal length in air. 
If f5 is the focal length in the medium n> then 


fF 5a’ = hy 
sO 
a’ =hy/fo =hy/nof' 
giving 
fo =nof' 

Thus the focal length changes by a factor equal to the refractive index of 
the medium in which it is measured and the power is affected by the same 
factor. 

If the lens has a medium 7 in its object space and a medium n; in its 


image space then the respective focal lengths fo and f; in these spaces are 
related by the expression 


filfo=—ni/no 
where the negative sign shows that fy and f; are measured in opposite directions 
(fo is negative and f; is positive). 
Now, we use this result in deriving the Optical Helmholtz equation. 
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The Optical Helmholtz Equation 


In fig. 10.14 the ray LH; from the base of the object, height y, meets the 
optical axis in the image space at the base L’ of the image, height y’. In the 
similar triangles F;L'’L; and F;HoH2, 


y'/y = L'Lj/HoH2 = F;L'/F;Ho = x'/-f' 


Fig. 10.14. Ray construction through a single lens to prove the Optical 
Helmholtz Equation 


ny tana =n'y' tana’ 


This result is true for systems having any number of optical surfaces. 
In the figure LH3 and FoH; are parallel as are H,F’ and HoF; 


where F;/Ho is negative. The negative sign shows that the image is inverted. 
Now 


HoFo tana =f tana = HoH, = F,F’ 
=F,L’ tana’=x’' tana’ 
Therefore 


x'=ftana/tana’ 


where f and a are both negative and x’ and a’ are both positive. 
This result, together with 


y'/y=x'/-f 
gives 


y'/y =f tana/—f' tana’ 
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But, from the previous section (page 293) 


f/f =—n'/n 
SO 
y'/y=ntana/n’ tana’ 


Hence 
ny tana =n'y’' tana’ 


This is the Optical Helmholtz equation which states that the quanity ny tana 
is invariant in passing through the optical system. No restriction is placed on 
the size of the angles (although we met the paraxial form on page 290). We 
have derived it here using a single lens, but the result is valid for all optical 
systems, no matter how complex. 

The results of the preceding sections are applied to optical instruments e.g. 
telescopes and microscopes in the following problems. 


(Problems 10.4, 10.5, 10.6, 10.7, 10.8, 10.9, 10.10, 10.11) 


Interference and Diffraction 


All waves display the phenomena of interference and diffraction which arise 
from the superposition of more than one wave. At each point of observation 
within the interference or diffraction pattern the phase difference between 
any two component.waves of the same frequency will depend on the different 
paths they have followed and the resulting amplitude may be greater or less 
than that of any single component. Although we speak of separate waves the 
waves contributing to the interference and diffraction pattern must ultimately 
derive from the same single source. This avoids random phase effects from 
separate sources and guarantees coherence. However, even a single source 
has a finite size and spatial coherence of the light from different parts of the 
source imposes certain restrictions if interference effects are to be observed. 
This is discussed in the section on spatial coherence on page 300. The 
superposition of waves involves the addition of two or more harmonic com- 
ponents with different phases and the basis of our approach is that laid down 
in the vector addition of fig. 1.11. More formally in the case of diffraction 
we have shown the equivalence of the Fourier Transform Method on page 
267 of Chapter 9. 


Interference 


Interference effects may be classified in two ways: 
(1) Division of wavefront. 
(2) Division of amplitude. 


(1) Division of wavefront. Here the wavefront from a single source passes 
simultaneously through two or more apertures each of which contributes a 
wave at the point of superposition. Diffraction also occurs at each aperture. 
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The difference between interference and diffraction is merely one of scale: 
in optical diffraction from a narrow slit (or source) the aperture is of the order 
of the wavelength of the diffracted light. According to Huygens Principle 
every point on the wavefront in the plane of the slit may be considered as a 
source of secondary wavelets and the further development of the diffracted 
wave system may be obtained by superposing these wavelets. 

In the interference pattern arising from two or more such narrow slits each 
slit may be seen as the source of a single wave so the number of superposed 
components in the final interference pattern equals the number of slits (or 
sources). This suggests that the complete pattern for more than one slit will 
display both interference and diffraction effects and we shall see that this is 
indeed the case. 


(2) Division of amplitude. Here a beam of light or ray is reflected and 
transmitted at a boundary between media of different refractive indices. The 
incident, reflected and transmitted components form separate waves and 
follow different optical paths. They interfere when they are recombined. 


Division of Wavefront 


Interference between waves from two slits or sources. In fig. 10.15 let S; and 
S2 be two equal sources separated by a distance f, each generating a wave of 
angular frequency w and amplitude a. At a point P sufficiently distant from 
S, and S, only plane wavefronts arrive with displacements 
yi1=asin(wt—kx,) fromS, 
and 
y2=a sin (wt—kx2) from S2 


so that the phase difference between the two signals at P is given by 


2 
8 = k(x2—x1) =—"(x2—m1) 


This phase difference 5, which arises from the path difference x2—x,, depends 
only on x1, x2 and the wavelength A and not on any variation in the source 
behaviour. This requires that there shall be no sudden changes of phase in 
the signal generated at either source—such sources are called coherent. 

The superposition of displacements at P gives a resultant 


R=y,+y2=al[sin (wt —kx1)+sin (wt —kx2)| 
and an intensity magnitude 
I = R* =2a7(1+cos 6) 


5 
= 4a’ cos’ — 
a” COs” 5 


(the time dependent term is not included). 
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Fig. 10.15. Interference at P between waves from equal sources 

S; and S2, separation f, depends only on the path difference 

X2—X,. Loci of points with constant phase difference 6 = 

(27/A)(x2—x1) are the family of hyperbclas with S; and S> as 
foci 


When 


the intensity is a maximum, 


and the component displacements reinforce each other to give constructive 
interference. This occurs when 


STS 
= A 4} = FIT 


that is, when the path difference 
S23 hi = na 


When 


6 
cos 5 =0 
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the intensity is zero and the components cancel to give destructive interference. 
This requires that 

6 T° FF 

eee 2 +}. : Sa was 

5 (2n +1) 7 (x2—X1) 


or, the path difference 
X2—X1=(n +3)A 


The loci or sets of points for which x2—.x, (or 6) is constant are shown in fig. 
10.1 to form hyperbolas about the foci S; and S, (in three dimensions the 
loci would be the hyperbolic surfaces of revolution). 


Interference from Two Equal Sources of Separation f 
(a) Separation f >A. Young’s Slit Experiment 


One of the best known methods for producing optical interference effects is 
the Young’s slit experiment. Here the two coherent sources, fig. 10.16, are 
two identical slits S; and S, illuminated by a monochromatic wave system 
from a single source equidistant from S,; and S2. The observation point P lies 
on a screen which is set at a distance / from the plane of the slits. 

The intensity at P is given by 


6 
I =R’ = 4a’ cos’ = 


2 
x P 
<4 
Zz 
f a 


SF sin O=f7 


Fig. 10.16. Waves from equal sources S, and S> interfere at P with phase 

difference 6 = (27/A)(x2—x1) =(277/A) f sin 6 =(277/A) f(z/1). The dist- 

ance />z and f so S,; P and S; P are effectively parallel. Interference 
fringes of intensity I = Ip cos’ 6/2 are formed in the plane PPo 
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and the distances PP) = z and slit separation f are both very much less than 
| (experimentally ~ 10° /). This is indicated by the break in the lines x, and 
X2 in fig. 10.16 where S,P and S2P may be considered as sufficiently parallel 
for the path difference to be written as 


xo—x1 =f sin 6 =f 


to a very close approximation. 


Thus 
27 27. Cee 
6 hee ee = ; & 

If 
) 
I = 4a’ cos’ = 
a” cos 5 

then 


re) 
I =Ip=4a” when cos 51 


that is, when the path difference 


f= 0, +A, 2X; sy BNX 
and 
ee 
Ir=0 when cos 5 = 0 

that is, when 

a A 3A 1 

—-=+4+-— to +(n +5 

i - 2 ) (n 2)A 


Taking the point Py as z = 0, the variation of intensity with z on the screen 
Py P will be that of fig. 10.16, a series of alternating straight bright and dark 
fringes parallel to the slit directions, the bright fringes having J = 4a” whenever 
z =nAl/f and the dark fringes J = 0, occurring when z =(n +3)Al/f, n being 
called the order of interference of the fringes. The zero order n = 0 at the point 
Po is the central bright fringe. The distance on the screen between two bright 
fringes of orders n and n +1 is given by 

Al Al 
nti—2n =[(n +1)—n]>=2 
Zn+1—Z [(n )-n] ZF 
which is also the physical separation between two consecutive dark fringes. 
The spacing between the fringes is therefore constant and independent of n, 
and a measurement of the spacing, / and f determines A. 
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The intensity distribution curve (fig. 10.17) shows that when the two wave 
trains arrive at P exactly out of phase they interfere destructively and the 
resulting intensity or energy flux is zero. Energy conservation requires that 
the energy must be redistributed, and that lost at zero intensity is found in 
the intensity peaks. The average value of cos’ 6/2 is 3, and the dotted line at 
I =2a’ is the average intensity value over the interference system which is 
equal to the sum of the separate intensities from each slit. 


o 
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Fig. 10.17. Intensity of interference fringes is 
proportional to cos’ 6/2, where 6 is the phase 
difference between the interfering waves. The 
energy which is lost in destructive interference 
(minima) is redistributed into regions of con- 
structive interference (maxima) 


There are two important points to remember about the intensity interference 
fringes when discussing diffraction phenomena; these are 
(a) the intensity varies with cos’ 6/2, 
and (6) the maxima occur for path differences of zero or integral numbers of 
the wavelength, whilst the minima represent path differences of odd 
numbers of the half-wavelength. 


Spatial coherence. In the preceding section nothing has been said about the 
size of the source producing the plane wave which falls on S; and Sp. If this 
source is an ideal point source A equidistant from S, and Sz, fig. 10.18, then 
a single set of cos’ fringes is produced. But every source has a finite size, 
given by AB in fig. 10.18, and each point on the line source AB produces its 
own set of interference fringes in the plane PP»; the eye observing the sum 
of their intensities. 

If the solid curve A’C is the intensity distribution for the point A of the 
source and the broken curves up to B’ represent the corresponding fringes 
for points along AB the resulting intensity curve is DE. Unless A’B’ extends 
to C the variations of DE will be seen as faint interference bands. These 
intensity variations were quantified by Michelson, who defined the 

ee ) Es 
Visibility = ae 
The cos’ fringes from a point source obviously have a visibility of unity because 
the minimum intensity [nin = 0. 
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Fig. 10.18. The point source A produces the cos’ interference fringes 

represented by the solid curve A’C. Other points on the line source 

AB produce cos’ fringes (the displaced broken curves B’) and the 

observed total intensity is the curve DE. When the points on AB 

extend A’B’ to C the fringes disappear and the field is uniformly 
illuminated 


When A’B’ of fig. 10.18=A'C, the point source fringe separation (or a 
multiple of it) the field is uniformly illuminated, fringe visibility = 0 and the 
fringes disappear. 

This occurs when the path difference 


AS,—BS;~ABsiny=A_ where AS = AS. 


Thus the requirement for fringes of good visibility imposes a limit on the 
finite size of the source. Light from points on the source must be spatially 
coherent in the sense that AB sin y « A in fig. 10.18. 

But for f< d, 


sin y ~f/2d 
so the coherence condition becomes 


sin y =f/2d<«A/AB 
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or 
AB/d «A/f 


where AB/d measures the angle subtended by the source at the plane S;Sp. 
Spatial coherence therefore requires that the angle subtended by the source 


<A/f 


where f is the linear size of the diffracting system. (Note also that A/f measures 
6(~z/l) the angular separation of the fringes in fig. 10.16.) 

As an example of spatial coherence we may consider the production of 
Young’s interference fringes using the sun as a source. 

The sun subtends an angle of 0.018 radians at the earth and if we accept 
the approximation 


AB A 
— « —- = — 
d 4f 
with A =0.5 microns, 
we have 
0:5 
f~ 4(0-018) ~ 14 microns. 


This small value of slit separation is required to meet the spatial coherence 
condition. 


(b) Separation f «A (kf «1 where k =27/d) 
If there is a zero phase difference between the signals leaving the sources S, 
and S, of fig. 10.16 then the intensity at some distant point P may be written 


> kf sin - 


I =4a’ cos’ >= 4T, cos 4T, 


where the path difference S.P —S,P=f sin 6 and [, = a* is the intensity from 
each source. 

We note that, since f « A (kf « 1), the intensity has a very small 6 dependence 
and the two sources may be effectively replaced by a single source of amplitude 
2a. 


Dipole Radiation (f « A) 


Suppose however that the signals leaving the sources S; and S> are anti phase 
so that their total phase difference at some distant point P is 


6 = (do+kf sin @) 


where 59 = 77 is the phase difference introduced at source. 
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The intensity at P is given by 


") mw kf sin *) 
= 2 
= —_-= — oo 
I =4I, cos 5 4I, cos ( 5 5 
= 4], sin’ (“ane ce =) 
2 
=~ I,(kf sin 6) 
because 
kf<«1 


Two anti phase sources of this kind constitute a dipole whose radiation intensity 
I«<I, the radiation from a single source, when kf «<1. The efficiency of 
radiation is seen to depend on the product kf and, for a fixed separation f 
the dipole is a less efficient radiator at low frequencies (small k) than at higher 
frequencies. Fig. 10.19 shows the radiation intensity I plotted against the 
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Fig. 10.19. Intensity J versus direction 6 for interference 

pattern between waves from two equal sources, 7 radians 

out of phase (dipole) with separation f « A. The dipole axis 
is along the direction 6 = +7/2 
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polar angle @ and we see that for the dipole axis along the direction @ = 77/2, 
completely destructive interference occurs only on the perpendicular axis 
6 =0 and 6 = 7. There is no direction (value of @) giving completely construc- 
tive interference. The highest value of the radiated intensity occurs along the 
axis 9 = 7/2 and 6 =37/2 but even this is only 


T=(kfy'l, 
where 
kf<«1 


The directional properties of a radiating dipole are incorporated in the design 
of transmitting aerials. In acoustics a loudspeaker may be considered as a 
multi-dipole source, the face of the loudspeaker generating compression waves 
whilst its rear propagates rarefactions. Acoustic reflections from surrounding 
walls give rise to undesirable interference effects which are avoided by enclos- 
ing the speaker in a cabinet. Bass reflex or phase inverter cabinets incorporate 
a vent on the same side as the speaker face at an acoustic distance of half a 
wavelength from the rear of the speaker. The vent thus acts as a second source 
in phase with the speaker face and radiation is improved. 


(Problems 10.12, 10.13, 10.14, 10.15, 10.16) 


Interference from Linear Array of N Equal Sources 


Fig. 10.20 shows a linear array of N equal sources with constant separation 
f generating signals which are all in phase (69 =0). At a distant point P in a 
direction 6 from the sources the phase difference between the signals from 
two successive sources is given by 


27 
5 =—f sin @ 
; f sin 


and the resultant at P is found by superposing the equal contributions from 
each source with the constant phase difference 6 between successive contribu- 
tions. 
But we found from fig. 1.11 that the resultant of such a superposition was 
given by 
sin (N8/2) 
sin (6/2) 


where a is the signal amplitude at each source, so the intensity may be written 
,sin’ (N6/2) __ sin’ (Naf sin 0/A) 
sin’ (6/2) * sin’ (af sin 6/A) 
se sin’ NB 
* sin’ B 


I=R’=a 


where J, is the intensity from each source and B = af sin 6/A. 
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Fig. 10.20. Linear array of N equal sources 
separation f radiating in a direction @ to a distant 
point P. The resulting amplitude at P (see fig. 
1.11) is given by 


R =a[sin N(6/2)/sin (6/2) | 
where a is the amplitude from each source and 
6 =(27/A)f sin @ 


is the common phase difference between success- 
ive sources 


If we take the case of N =2 then 


. 2 
sin” 2B 2 4 
— s =4 s = 4], — 
T=I. sin? B I, cos” B COs 5 


which gives us the Young’s Slit Interference pattern. 

We can follow the intensity pattern for N sources by considering the 
behaviour of the term sin” NG/sin’ B. 

We see that when 


B =—sin@ =0+7+2r, etc. 
A 23 


i.e. when 


fsin@ =0,+A,+2A...+nA 
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constructive interference of the order n takes place, and 
sin’ NB NB? 


>—7->N* 


sin? B B 


giving 
I =N’I, 
that is, a very strong intensity at the Principal Maximum condition of 
fsin@=na 
We can display the behaviour of the sin’ N@/sin* B term as follows 


Numerator sin* N@ is zero for NB >O7...Na...2Na 


+ 4 v 


; = ; 
Denominator sin’ B is zeroforB7>0 ... m7 ... 27 


The coincidence of zeros for both numerator and denominator determine 
the Principal Maxima with the factor N’ in the intensity, ie. whenever 
fsin@=nA. 

Between these principal maxima are N —1 points of zero intensity which 
occur whenever the numerator sin? NG =0 but where sin* 8 remains finite. 

These occur when 


2A 


A 
fsin@=—, NOC 


A 
(n —1) N 

The N —2 subsidiary maxima which occur between the principal maxima 
have much lower intensities because none of them contains the factor N’. 
Fig. 10.21 shows the intensity curves for N = 2, 4, 8 and N >00. 

Two scales are given on the horizontal axis. One shows how the maxima 
occur at the order of interference n =f sin 6/A. The other, using units of sin 6 
as the ordinate displays two features. It shows that the separation between 
the principal maxima in units of sin @ is A/f and that the width of half the 
base of the principal maxima in these units is A/Nf (the same value as the 
width of the base of subsidiary maxima). As N increases not only does the 
principal intensity increase as N* but the width of the principal maximum 
becomes very small. 

As N becomes very large, the interference pattern becomes highly direc- 
tional, very sharply defined peaks of high intensity occurring whenever sin 6 
changes by A/f.. 

The directional properties of such a linear array are widely used in both 
transmitting and receiving aerials and the polar plot for N =4 (fig. 10.22) 
displays these features. For N large, such an array, used as a receiver, forms 
the basis of a radio telescope where the receivers (sources) are set at a constant 
(but adjustable) separation f and tuned to receive a fixed wavelength. Each 
receiver takes the form of a parabolic reflector, the axes of which are kept 
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Fig. 10.21. Intensity of interference patterns from linear arrays of 

N equal sources of separation f. The horizontal axis in units of 

f sin @/A gives the spectral order n of interference. The axis in units 

of sin 6 shows that the separation between principal maxima is given 

by sin 6 =A/f and the half-width of the principal maximum is given 
by sin 06 =A/Nf 
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Fig. 10.22. Polar plot of the intensity of the 
interference pattern from a linear array of four 
sources with common separation f= A/2. Note 
that the half-width of the principal maximum is 
6 = 7/6 satisfying the relation sin 0 =A/Nf and 
that the separation between principal maxima 
satisfies the relation that the change in sin 6 = A/f 
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parallel as the reflectors are oriented in different directions. The angular 
separation between the directions of incidence for which the received signal 
is a Maximum is given by sin 6 = A/f. 


(Problems 10.17, 10.18) 


Division of Amplitude 


We now consider interference effects produced by division of amplitude. In 
fig. 10.23 a ray of monochromatic light of wavelength A in air is incident at 
an angle 7 on a plane parallel slab of material thickness ¢t and refractive index 


n> 7 constant 


Fig. 10.23. Fringes of constant inclination. Interfer- 
ence fringes formed at infinity by division of ampli- 
tude when the material thickness ¢ is constant. The 
mth order bright fringe is a circle centred at S and 
occurs for the constant 6 value in 2nt cos 6 =(m+5)A 


n >1. It suffers partial reflexion and transmission at the upper surface, some 
of the transmitted light is reflected at the lower surface and emerges parallel 
to the first reflexion with a phase difference determined by the extra optical 
path it has travelled in the material. These parallel beams meet and interfere 
at infinity but they may be brought to focus by a lens. Their optical path 
difference is seen to be | 


n(AB+BD)—AC=2nAB-—AC 
= 2nt/cos 6 —2t tan @ sini 


2nt 
malas (1—sin? 6) = 2nt cos 6 
cos 6 


(because sini =n sin @). 
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This path difference introduces a phase difference 
Z 
Ad = = nt cos 6 


but an additional phase change of 7 radians occurs at the upper surface. 

Thus if 2nt cos@=maA (m an integer) the two beams are antiphase and 
cancel to give zero intensity, a minimum of interference. If 2nt cos @=(m+3)A 
the amplitudes will reinforce to give an interference maximum. 

Since ¢ is constant the locus of each interference fringe is determined by a 
constant value of @ which depends on a constant angle /. This gives a circular 
fringe centred on S. An extended source produces a range of constant @ values 
at one viewing position so the complete pattern is obviously a set of concentric 
circular fringes centred on S and formed at infinity. They are fringes of equal 
inclination and are called Haidinger fringes. They are observed to high orders 
of interference, that is values of m, so that t may be relatively large. 

When the thickness ¢ is not constant and the faces of the slab form a wedge, 
fig. 10.24(a) and (b) the interfering rays are not parallel but meet at points 
(real or virtual) near the wedge. The resulting interference fringes are localized 
near the wedge and are almost parallel to the thin end of the wedge. When 
observations are made at or near the normal to the wedge cos@~1 and 
changes slowly in this region so that 2nt cos 6 ~ 2nt. The condition for bright 
fringes then becomes 


2nt=(m+ S)A 


and each fringe locates a particular value of the thickness ¢ of the wedge and 
this defines the pattern as fringes of equal thickness. As the value of m increases 
to m+ 1 the thickness of the wedge increases by A/2n so the fringes allow 
measurements to be made to within a fraction of a wavelength and are of 
great practical importance. | 

The spectral colours of a thin film of oil floating on water are fringes of 
constant thickness. Each frequency component of white light produces an 
interference fringe at that film thickness appropriate to its own particular 
wavelength. 

In the laboratory the most familiar fringes of constant thickness are 
Newton’s Rings. 


Newton’s Rings 


Here the wedge of varying thickness is the air gap between two spherical 
surfaces of different curvature. A constant value of ¢ yields a circular fringe 
and the pattern is one of concentric fringes alternately dark and bright. The 
simplest example, fig. 10.25, is a plano convex lens resting on a plane reflecting 
surface where the system is illuminated from above using a partially reflecting 
glass plate tilted at 45°. Each downward ray is partially reflected at each 
surface of the lens and at the plane surface. Interference takes place between 
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* varying 


f varying 


Fig. 10.24. Fringes of constant thickness. When the 

thickness t of the material is not constant the fringes 

are localized where the interfering beams meet (a) in 

a real position and (b) in a virtual position. These 

fringes are almost parallel to the line where t = 0 and 
each fringe defines a locus of constant ¢ 


the light beams reflected at each surface of the air gap. At the lower (air to 
glass) surface of the gap there is a w radians phase change upon reflexion 
and the centre of the interference fringe pattern, at the point of contact, is 
dark. Moving out from the centre, successive rings are light and dark as the 
air gap thickness increases in units of A/2. If R is the radius of curvature of 
the spherical face of the lens, the thickness ¢ of the air gap at a radius r from 
the centre is given approximately by t ~r7/2R. In the mth order of interference 
a bright ring requires 


2t=(m+3)A=r’/R 
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Fig. 10.25. Newton’s rings of interference for- 

med by an air film of varying thickness between 

the lens and the optical flat. The fringes are 

circular, each fringe defining a constant value of 
the air film thickness 


and because fcr’ the fringes become more crowded with increasing r. Rings 
may be observed with very simple equipment and good quality apparatus can 
produce fringes for m > 100. 


(Problem 10.19) 


Michelson’s Spectral Interferometer 


This instrument can produce both types of interference fringes, that is, circular 
fringes of equal inclination at infinity and localized fringes of equal thickness. 
At the end of the nineteenth century it was one of the most important 
instruments for measuring the structure of spectral lines. 

As shown in fig. 10.26 it consists of two identical plane parallel glass plates 
G,; and G, and two highly reflecting plane mirrors M,; and M>. G, has a 
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Fig. 10.26. Michelson’s Spectral Interferometer. The beam 

from source S splits at the back face of G;, and the two parts 

are reflected at mirrors M, and M,> to recombine and interfere 

at the eye or detector. G2 is not necessary with monochromatic 

light but is required to produce fringes when S is a white light 
source 


partially silvered back face, G2 does not. In the figure G; and G» are parallel 
and M, and M); are perpendicular. Slow, accurately monitored motion of M, 
is allowed in the direction of the arrows but the mounting of Mz is fixed 
although the angle of the mirror plane may be tilted so that M,; and M) are 
no longer perpendicular. 

The incident beam from an extended source divides at the back face of G;. 
A part of it is reflected back through G; to M;, where it is returned through 
G;, into the eye or detector. The remainder of the incident beam reaches M2 
via G» and returns through G; to be reflected at the back face of G, into the 
eye or detector where it interferes with the beam from the M; arm of the 
interferometer. The presence of G2 assures that each of the two interfering 
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beams has the same optical path in glass. This condition is not essential for - 
fringes with monochromatic light but it is required with a white light source 
where dispersion in glass becomes important. 

An observer at the detector looking into G; will see Mi, a reflected image 
of M> (M3 say) and the images S, and S> of the source provided by M; and 
M>. This may be represented by the linear configuration of fig. 10.27 which 
shows how interference takes place and what type of fringes are produced. 


v--- cS = = 


— 7 


Fd eae 


Fig. 10.27. Linear configuration to show fringe formation by a Michelson 
interferometer. A ray from point P on the extended source S reflects at 
M;, and appears to come from P, in the reflected plane S;. The ray is 
reflected from M> (shown here as M3) and appears to come from P» in 
the reflected plane S4. The path difference at the detector between the 
interfering beams is effectively 2t cos @ where ¢ is the difference between 
the path lengths from the source S to the separate mirrors M, and Mz 


When the optical paths in the interferometer arms are equal and M;, and 
M> are perpendicular the planes of M; and the image M) are coincident. 
However a small optical path difference t between the arms becomes a 
difference of 2t between the mirrored images of the source as shown in fig. 
10.27. The divided ray from a single point P on the extended source is reflected 
at M, and M> (shown as M3) but these reflexions appear to come from P; 
and P4 in the image planes of the mirrors. The path difference between the 
rays from P, and P34 is evidently 2t cos 6. When 2t cos 6 = mA a maximum of 
interference occurs and for constant 6 the interference fringe is a circle. The 
extended source produces a range of constant 6 values and a pattern of 
concentric circular fringes of constant inclination. | | 

If the path difference ¢ is very small and the plane of Mz is now tilted, a 
wedge is formed and straight localized fringes may be observed at the nar- 
rowest part of the wedge. As the wedge thickens the fringes begin to curve 
because the path difference becomes more strongly dependent upon the angle 
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of observation. These curved fringes are always convex towards the thin end 
of the wedge. 


The Structure of Spectral Lines 


The discussion on spatial coherence, page 300, showed that two close identical 
sources emitting the same wavelength A produced interference fringe systems 
slightly displaced from each other, fig. 10.18. 

The same effect is produced by a single source, such as sodium, emitting 
two wavelengths, A and A —AA so that the maxima and minima of the cos” 
fringes for A are slightly displaced from those for A — AA. This displacement 
increases with the order of interference m until a value of m is reached when 
the maximum for A coincides with a minimum for A —AA and the fringes 
disappear as their visibility is reduced to zero. 

In 1862, Fizeau, using a sodium source to produce Newton’s Rings, found 
that the fringes disappeared at the order m = 490 but returned to maximum 
visibility at m = 980. He correctly identified the presence of two components 
in the spectral line. 

The visibility 


Seer Se: wate + d in) 
equals zero when 
mA =(m+35)(A —AA) 


and for A = 0:5893 microns and m = 490 we have AA = 0:0006 microns, (6 A), 
which are the accepted values for the D lines of the sodium doublet. 

Using his spectral interferometer, Michelson extended this work between 
the years 1890 and 1900, plotting the visibility of various fringe systems and 
building a mechanical harmonic analyser into which he fed different com- 
ponent frequencies in an attempt to reproduce his visibility curves. The sodium 
doublet with angular frequency components w and w + Aw produced a visibil- 
ity curve similar to that of figs. 1.7 and 3.4 and was easy to interpret. More 
complicated visibility patterns were not easy to reproduce and the modern 
method of Fourier Transform spectroscopy reverses the procedure by extract- 
ing the frequency components from the observed pattern. 

Michelson did however confirm that the cadmium red line, A =0:6438 
microns was highly monochromatic. The visibility had still to reach a minimum 
when the path difference in his interferometer arms was 0-2 metres. 


Fabry-Perot Interferometer 


The interference fringes produced by division of amplitude which we have 
discussed so far have been observed as reflected light and have been produced 
by only two interfering beams. We now consider fringes which are observed 
in transmission and which require multiple reflections. They are fringes of 
constant inclination formed in a pattern of concentric circles by the Fabry- 
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Perot interferometer. The fringes are particularly narrow and sharply defined 
so that a beam consisting of two wavelengths A and A — AA forms two patterns 
of rings which are easily separated for small AA. This instrument therefore 
has an extremely high resolving power. The main component of the inter- 
ferometer is an etalon fig. 10.28 which consists of two plane parallel glass 
plates with identical highly reflecting inner surfaces S; and S2 which are 
separated by a distance d. 

Suppose a monochromatic beam of unit amplitude, angular frequency w 
and wavelength (in air) of A strikes the surface S; as shown. A fraction ¢ of 


Air 


Glass Glass 


r@tt'= RT 


pons oT 


opts RT 


EVA 


Wh 
2) 


2 


Fig. 10.28. S, and S, are the highly reflecting 
inner surfaces of a Fabry-Perot etalon with a 
constant air gap thickness d. Multiple 
reflections produce parallel interfering beams 
with amplitudes T, RT, R’T, etc. each beam 
having a phase difference 


5 =4d cos 6/A 


with respect to its neighbour 
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this beam is transmitted in passing from glass to air. At S2 a further fraction 
t' is transmitted in passing from air to glass to give an emerging beam of 
amplitude tt'= T. The reflection coefficient at the air—-S; and air—S, surfaces 
is r so each subsequent emerging beam is parallel but has an amplitude factor 
r* = R with respect to its predecessor. Other reflection and transmission losses 
are common to all beams and do not affect the analysis. Each emerging beam 
has a phase lag 6 =47d cos 6/A with respect to its predecessor and these 
parallel beams interfere when they are brought to focus via a lens. 

The vector sum of the transmitted interfering amplitudes together with 
their appropriate phases may be written 


A=Te"+TRe "+e 
=Te“[1+Re -+R-e 

which is an infinite geometric progression with the sum 

, A=Te“/(1-Re *) 
This has a complex conjugate 

A*=Te “/(1-Re’”) 
If the incident unit intensity is J, the fraction of this intensity in the transmitted 
beam may be written 
i, AA* ‘e = 


In -do...s(t-Re te ReD. (4h —2R cos) 


or, with 
cos 6 = 1—2sin’ 6/2 
as 
Nee eee Se 
Ip) (1—R)’+4R sin? 6/2 (1—R)? 1+[4R sin’ 6/2/(1—-R)”] 
But the factor T*/(1—R)°* is a constant, written C so 
7 ee 
{2 0. ee 
Io 1+[4R sin® 6/2/(1-—R)*] 

Writing Clo =Imax, the graph of Jf, versus 6 in fig. 10.29 shows that as 
the reflection coefficient of the inner surfaces is increased, the interference 
fringes become narrow and more sharply defined. Values of R >0.9 may be 
reached using the special techniques of multilayer dielectric coating. In one 
of these techniques a glass plate is coated with alternate layers of high and 
low refractive index materials so that each boundary presents a large change 
of refractive index and hence a large reflection. If the optical thickness of 


each layer is A/4 the emerging beams are all in phase and the reflected intensity 
is high. 
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Fig. 10.29. Observed intensity of fringes produced by a Fabry-Perot 

interferometer. Transmitted intensity J, versus 6. R = r? where r is the 

reflexion coefficient of the inner surfaces of the etalon. As R increases 
the fringes become narrower and more sharply defined 


Resolving Fower of the Fabry-Perot Interferometer 


Fig. 10.29 shows that a value of R = 0-9 produces such narrow and sharply 
defined fringes that if the incident beam has two components A and A —AA 
the two sets of fringes should be easily separated. The criterion for separation 
depends on the shape of the fringes: the diffraction grating of page 328 uses 
the Rayleigh criterion, but the fringes here are so sharp that they are resolved 
at a much smaller separation than that required by Rayleigh. | 

Here the fringes of the two wavelengths may be resolved when they cross 
at half their maximum intensities, that is, at J, = Imax/2 in fig. 10.30. 

Using the expression 


1 
I, alt Pie, TP 
6 hove 1 AR sin? 6/2 
(1-R) 
we see that J, = Imax When 6 = 0 and I, = Imax/2 when the factor 
4R sin’ 8/2/(1—R)* =1 


The fringes are so narrow that they are visible only for very small values 
of 6 so we may replace sin 6/2 by 6/2 in the expression 


4R sin? §/2/(1—R) =1 
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Fig. 10.30. Fabry-Perot interference fringes for two wavelengths A 

and A—AA are resolved at order m when they cross at half their 

maximum intensity. Moving from order m to m +1 changes the phase 

6 by 27 radians and the full ‘half-value’ width of each maximum is 

given by Am = 26,/2 which is also the separation between the maxima 
of A and A —AA when the fringes are just resolved 


to give the value 


(1—R) 
81/2= 


as that phase departure from the maximum, 6 = 0, which produces the intensity 
I, =Imax/2 for wavelength A. Our criterion for resolution means, therefore, 
that the maximum intensity for A — AA is removed an extra amount 6,2 along 
the phase axis of fig. 10.30. This axis also shows the order of interference m 
at which the wavelengths are resolved, together with the order m+1 which 
represents a phase shift of 6 = 27 along the phase axis. 

In the mth order of interference we have 


2d cos@=m<aA 


and for fringes of equal inclination (@ constant), logarithmic differentiation 
gives 


A/AA =-—m/Am 
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Now Am = 1 represents a phase change of 6 = 27 and the phase difference 
of 2.51/2 which just resolves the two wavelengths corresponds to a change of 
order 


Am = 2.61/2/27 


Thus the resolving power, defined as 


1/2 
mr mR’ 


> | m | _ na _m7R 

AA Am rom /2 (1 = R) 

The equivalent expression for the resolving power in the mth order for a 
diffraction grating of N lines (interfering beams) is shown on page 328 to be 


A 
kee mN 
SO We may express 
N'=7R**/(1—R) 


as the effective number of interfering beams in the Fabry-Perot inter- 
ferometer. 

This quantity N’ is called the finesse of the etalon and is a measure of its 
quality. We see that 


= separation between orders m andm+1 
= ‘half value’ width of mth order 


, 


Thus, using one wavelength only, the ratio of the separation between success- 
ive fringes to the narrowness of each fringe measures the quality of the etalon. 
A typical value of N’ ~ 30. 


Free Spectral Range 


There is a limit to the wavelength difference AA which can be resolved with 
the Fabry-Perot interferometer. This limit is reached when AA is such that 
the circular fringe for A in the mth order coincides with that for A — AA in 
the m + 1th order. The pattern then loses its unique definition and this value 
of AA is called the free spectral range. 

From the preceding section we have the expression 


and in the limit when AA represents the free spectral range then 
Am =1 
and 


AA =—A/m 
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But mA = 2d when 6 = 0 so the free spectral range 
AA =-A*/2d 


Typically d~10 *m and for A (cadmium red) =0-6438 microns we have, 
from 2d = mA, a value of 


m~3x10* 
Now the resolving power 
A 
— = mN' 
pea 
so, for 
N'=30 


the resolving power can be as high as 1 part in 10°. 


Diffraction 


Diffraction is classified as Fraunhofer or Fresnel. In Fraunhofer diffraction 
the pattern is formed at such a distance from the diffracting system that the 
waves generating the pattern may be considered as plane. A Fresnel diffraction 
pattern is formed so close to the diffracting system that the waves generating 
the pattern still retain their curved characteristics. 


Fraunhofer Diffraction 


The single narrow slit. Earlier in this chapter it was stated that the difference 
between interference and diffraction is merely one of scale and not of physical 
behaviour. 

Suppose we contract the scale of the N equal sources separation f of fig. 
10.20 until the separation between the first and the last source, originally Nf, 
becomes equal to a distance d where d is now assumed to be the width of a 
narrow slit on which falls a monochromatic wavefront of wavelength A where 
d ~X. Each of the large number N equal sources may now be considered as 
the origin of secondary wavelets generated across the plane of the slit on the 
basis of Huygens’ Principle to form a system of waves diffracted in all 
directions. 

When these diffracted waves are focused on a screen as shown in fig. 10.31 
the intensity distribution of the diffracted waves may be found in terms of 
the aperture of the slit, the wavelength A and the angle of diffraction 6. In 
fig. 10.31 a plane light wave falls normally on the slit aperture of width d 
and the waves diffracted at an angle @ are brought to focus at a point P on 
the screen P Po. The point P is sufficiently distant from the slit for all wavefronts 
reaching it to be plane and we limit our discussion to Fraunhofer Diffraction. 

Finding the amplitude of the light at P is the simple problem of superposing 
all the small contributions from the N equal sources in the plane of the slit, 
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Condenser Slit of Focusing Plane of 
lens width 7 lens diffraction 
pattern 


Fig. 10.31. A monochromatic wave normally incident on a 

narrow slit of width d is diffracted through an angle 6 and 

the light in this direction is focused at a point P. The amplitude 

at P is the superposition of all the secondary waves in the 

plane of the slit with their appropriate phases. The extreme 

phase difference from contributing waves at opposite edges 
of the slit is 6 =27d sin 6/A =2a 


taking into account the phase differences which arise from the variation in 
path length from P to these different sources. We have already solved this 
problem several times. In Chapter 9 we took it as an example of the Fourier 
Transform method but here we reapply the result already used in this chapter 
on page 304, namely that the intensity at P is given by 


sin’ NB 


f= 
sin’ B 


where NG = Nf sin 6 


is half the phase difference between the contributions from the first and last 
sources. But now Nf =d the slit width, and if we replace B by a where 
a =(7/A)d sin @ is now half the phase difference between the contributions 
from the opposite edges of the slit, the intensity of the diffracted light at P 
is given by 


sin? (77/A )d sin 6 = sin? a 
‘sin? (1/AN)d sing “sin? (a/N) 


For N large 


and we have 


—- . 3 

>, sin’ @ sin” a 

I =N‘1,—3-- = lo 
a 
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(recall that in the Fourier Transform derivation on page 269, 
d*h* 


. An? 


Io 


where h was the amplitude from each source). 


oe —+ dsin@ 


Fig. 10.32. Diffraction pattern from a single nar- 
row slit of width d has an intensity I = Ip sin’ a/a* 
where a = 7 dsin@/A 


Plotting J = Io(sin? a/a) with a =(7/A)d sin @ in fig. 10.32 we see that its - 
pattern is symmetrical about the value 


a=6=0 


where J =I because sina/a—>1 as a>0. The intensity [=0 whenever 
sin a = 0 that is, whenever a@ is a multiple of 7 or 


c<. 
a= "Sy sin 9 = tm + 2m +37, etc 


giving 
d sin @ = +A,+ 2A +3A, etc. 
This condition for diffraction minima is the same as that for interference 
maxima between two slits of separation d, and this is important when we 
consider the problem of light transmission through more than one slit. 


The intensity distribution maxima occur whenever the factor sin* a/a~ has 
a maximum, that is, when 


—(" Ay 8. (an *)=0 
da\ a da\a 


cosa sina 


— 5) —— 


OF 


a a 
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This occurs whenever a = tan a, and fig. 10.33 shows that the roots of this 
equation are closely approximated by a =+37/2, +57/2, etc. (see problem 
at end of chapter on exact values). 


Wd) 
A 5 = 


Fig. 10.33. Position of principal and subsidiary 
maxima of single slit diffraction pattern is given 
by the intersections of y =a and y = tana 


The table below shows the relative intensities of the subsidiary maxima 
with respect to the principal maximum I[o. 


sin? a I, sin* a 
a? a? 
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The rapid decrease in intensity as we move from the centre of the pattern 
explains why only the first two or three subsidiary maxima are normally visible. 
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Scale of the Intensity Distribution 


The width of the principal maximum is governed by the condition d sin 6 = +A. 
A constant wavelength A means that a decrease in the slit width d will increase 
the value of sin @ and will widen the principal maximum and the separation 
between subsidiary maxima. The narrower the slit the wider the diffraction 
pattern, that is, in terms of a Fourier transform the narrower the pulse in 
x-space the greater the region in k- or wave number space required to 
represent it. 


(Problems 10.20, 10.21) 


Intensity Distribution for Interference with Diffraction from N Identical Slits 


The extension of the analysis from the example of one slit to that of N equal 
slits of width d and common spacing f, fig. 10.34, is very simple. 

To obtain the expression for the intensity at a point P of diffracted light from 
a single slit we considered the contributions from the multiple equal sources 
across the plane of the slit. 


y 


’ 


N_ identical slits 
width 7 
separation 7 


Plane_wave front normally incident on slits 
eK, 


ae a 
. sin-a  sinN 
Plane of O a sin’B 
focusing 
lens 


Fig. 10.34. Intensity distribution for diffraction by 
N equal slits is 
sin? a sin? NB 
Pig —2e ee 
a sin’ B 
the product of the diffraction intensity for one slit, 
Ip sin’ a/a* and the interference intensity between 
N sources sin’ NB/sin’ B, where a =(2/A)d sin @ 
and B =(7/A)f sin @ 
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We obtained the result 


by contracting the original linear array of N sources of spacing f on page 304. 
If we expand the system again to recover the linear array, where each source 
is now a slit giving us the diffraction contribution 

sin’ a 


gs 7" £0 po 
Qa 


we need only insert this value at /, in the original expression for the interference 
intensity, 


Fax sin” NB 
sin’ B 
on page 304 where 
. 
B= < fsin@ 


to obtain, for the intensity at P in fig. 10.34, the value 


sin’ a sin’ NB 
a’ sin’ B 


where 
a Td sin @ 
A 


Note that this expression combines the diffraction term sin? a/a’ for each slit 
(source) and the interference term sin* NG/ sin’ 8 from N sources (which 
confirms what we expected from the opening paragraphs on interference). The 
diffraction pattern for any number of slits will always have an envelope 


=: 
i a ; 

s— (single slit diffraction) 
6 4 


modifying the intensity of the multiple slit (source) interference pattern 
sin’ NB 
sin’ B 


Fraunhofer Diffraction for Two Equal Slits (WV = 2) 
When N =2 the factor 
sin’ NB 


= 4 cos? 
sin’ B ee: 
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so that the intensity 


ae 
[T= hig cos’ B 


a 


the factor 4 arising from N” whilst the cos” @ term is familiar from the double 
source interference discussion. The intensity distribution for N =2, f = 2d, is 
shown in fig. 10.35. The intensity is zero at the diffraction minima when 
d sin @ = nA. It is also zero at the interference minima when f sin 6 =(n +3)A. 

At some value of 6 an interference maximum occurs for f sin @ =nA at the 
same position as a diffraction minimum occurs for d sin @ = mA. 


0) 7 ae 4-7” 
d 2k. oo ~on @ 


Fig. 10.35. Diffraction pattern for two equal slits, show- 
ing interference fringes modified by the envelope of a 
single slit diffraction pattern. Whenever diffraction 
minima coincide with interference maxima a fringe is 
suppressed to give a ‘missing order’ of interference 


In this case the diffraction minimum suppresses the interference maximum 
and the order n of interference is called a missing order. 
The value of n depends upon the ratio of the slit spacing to the slit width for 


nd _ fsing 
mA dsin@g 
1.e. 
gE 
mda 
Thus, if 
ad 
a 2 
d 


the missing orders will be n = 2, 4, 6, 8 etc. for m = 1, 2, 3, 4, etc. 
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The ratio 


Eee 


da 


governs the scale of the diffraction pattern since this determines the number 
of interference fringes between diffraction minima and the scale of the diffrac- 
tion envelope is governed by a. 


(Problem 10.22) 


Transmission Diffraction Grating (N Large) 


A large number N of equivalent slits forms a transmission diffraction grating 
where the common separation f between successive slits is called the grating 
space. 
Again, in the expression for the intensity 
sin’ a sin’ NB 

Sak. SE Oe 
a sin’ B 
the pattern lies under the single slit diffraction term (fig. 10.36). 

sin’ a 


2 
a 


single slit 
Ee —— envelope 


ss n= spectral order 


The intensity of each 
\ spectral line fontains 
. the factor /V 


n=O “ N=D 123 


N-2 subsidiary maxima 


Fig. 10.36. Spectral line of a given 
wavelength produced by a diffraction 
grating loses intensity with increasing 
order n as it is modified by the single slit 
diffraction envelope. At the principal 
maxima each spectral line has an intensity 
factor N* where N is the number of lines 
in the grating 


i) 


Wow | 
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The principal interference maxima occur at 
fsin@=na 


having the factor N’ in their intensity and these are observed as spectral lines 
of order n. We see, however, that the intensities of the spectral lines of a 
given wavelength decrease with increasing spectral order because of the 
modifying sin” a/a” envelope. 


Resolving Power of Diffraction Grating 


The importance of the diffraction grating as an optical instrument lies in its 
ability to resolve the spectral lines of two wavelengths which are too close to 
be separated by the naked eye. If these two wavelengths are A and A+dA 
where dA/A is very small the Resolving Power for any optical instrument is 
given by the ratio A/dA. 

Two such lines are just resolved, according to Rayleigh’s Criterion, when 
the maximum of one falls upon the first minimum of the other. If the lines 
are closer than this their separate intensities cannot be distinguished. 

If we recall that the spectral lines are the principal maxima of the interfer- 
ence pattern from many slits we may display Rayleigh’s Criterion in fig. 10.37 
where the nth order spectral lines of the two wavelengths are plotted on an 
axis measured in units of sin 6. We have already seen in fig. 10.21 that the 
half width of the spectral lines (principal maxima) measured in such units is 
given by A/Nf where N is now the number of grating lines (slits) and f is the 
grating space. In fig. 10.37 the nth order of wavelength A occurs when 


fsin@d=na 
whilst the nth order for A +d satisfies the condition 


f[sin 0+ A(sin 6)]=n(A +dA) 
so that 
fA(sin @)=n da 
Rayleigh’s Criterion requires that the fractional change 
A 
A(si = — 
(sin 6) Nf 


so that 
fA(sin 6) =n dA = = 
N 


Hence the Resolving Power of the diffraction grating in the nth order is 
given by 
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n order spectral 
line for X+dd 


n'order spectral 
line for dX 


f sin@=n2 


fF (sin @+A sin @) =7 (X+d)d) 


sin @ 


A (sin @) = /NVF 


Fig. 10.37. Rayleigh’s criterion states that the two wavelengths A 

and A+dA are just resolved in the mth spectral order when the 

maximum of one line falls upon the first minimum of the other as 

shown. This separation, in units of sin 0, is given by A/Nf where 

N is the number of diffraction lines in the grating and f is the 

grating space. This leads to the result that the resolving power of 
the grating A/dA =nN 


Note that the Resolving Power increases with the number of grating lines 
N and the spectral order n. A limitation is placed on the useful range of n 
by the decrease of intensity with increasing n due to the modifying diffraction 
envelope 


‘oe 
ae ii 10.36) 
a 


Resolving Power in Terms of the Bandwidth Theorem 


A spectral line in the nth order is formed when f sin 6 =nA where f sin @ is 
the path difference between light coming from two successive slits in the 
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grating. The extreme path difference between light coming from opposite 
ends of the grating of N lines is therefore given by 


Nf sin @ = Nna 
and the time difference between signals travelling these extreme paths is 
_Nna 
c 


At 


where c is the velocity of light. 
The light frequency v =c/A has a resolvable differential change 


because AA/A = 1/Nn (from the inverse of the Resolving Power). 
Hence 
Cc 1 
Aig) aiigeectnoas 
" Nnd At 


or Av At =1 (the Bandwidth Theorem). 
Thus the frequency difference which can be resolved is the inverse of the 
time difference between signals following the extreme paths 


(Av At=1_ is equivalent of course to Aw At = 277) 
If we now write the extreme path difference as 
Nnad = Ax 


we have, from the inverse of the Resolving Power, that 


SO 


Ost = a(2) Soa bet ah 
A> N\A) 2a Nnad Ax 
where the wave number k = 277/A. 

Hence we also have 


Ax Ak =27 


where Ak is a measure of the resolvable wavelength difference expressed in 
terms of the difference Ax between the extreme paths. 

On pages 65 and 67 we discussed the quality factor Q of an oscillatory 
system. Note that the resolving power may be considered as the Q of an 
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instrument for 


(Problems 10.23, 10.24, 10.25, 10.26) 


Fraunhofer Diffraction from a Rectangular Aperture 


The value of the Fourier transform method of Chapter 9 becomes apparent 
when we consider plane wave diffraction from an aperture which is finite in 
two dimensions. 

Although Chapter 9 carried through the transform analysis for the case of 
only one variable it is equally applicable to functions of more than one variable. 

In two dimensions, the function f(x) becomes the function f(x, y), giving a 
transform F(k,, k,) where the subscripts give the directions with which the 
wave numbers are associated. 

In fig. 10.38 a plane wave front is diffracted as it passes through the 
rectangular aperture of dimensions d in the x-direction and 6b in the y- 
direction. The vector k, which is normal to the diffracted wave front, has 
direction cosines / and m with respect to the x- and y-axes respectively. This 
wavefront is brought to a focus at point P, and the amplitude at P is the 
superposition of the contributions from all points (x, y) in the aperture with 
their appropriate phases. 

A typical point (x, y) in the aperture may be denoted by the vector r; the 
difference in phase between the contribution from this point and the central 


Plane wave front Plane of 


Plane of 
normally incident 


diffraction 


on rectangular image 
aperture = 
erp 
t __|__Light diffracted 
ee in direction 
focuses at P 


Fig. 10.38. Plane waves of monochromatic light incident 

normally on a rectangular aperture are diffracted in a direc- 

tion k. All light in this direction is brought to focus at P in 

the image plane. The amplitude at P is the superposition of 

contributions from all the typical points, x, y in the aperture 
plane with their appropriate phase relationships 
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point O of the aperture is, of course, (27/A) (path difference). But the path 
difference is merely the projection of the vector r upon the vector k, and the 
phase difference is k. r=(27/A)(/x +my), where /x + my is the projection of 
ron k. 

If we write 


—. k. an — k, 
A A 


we have the Fourier transform in two dimensions 


1 ee) 00 2 : 
Fh, hy) -— | | f(x, y)e ***® dx dy 
(277) —oo J—0o 
where f(x, y) is the amplitude of the small contributions from the points in 
the aperture. 
Taking f(x, y) equal to a constant a, we have F(k,,k,) the amplitude in 


k-space at P 
a +d/2 +b/2 " a 
=— e' “ee ”dxd 
(Qar)* = Es 4 
_ a _, sina sin B 
4a? @ B 
where 
qld k,d 
1 
A F 
and 
_tmb _kyb 
A 2 


Physically the integration with respect to y evaluates the contribution of a 
strip of the aperture along the y direction, and integrating with respect to x 
then adds the contributions of all these strips with their appropriate phase 
relationships. 

The intensity distribution of the rectangular aperture is given by 

sin’ a sin’? B 
Pd a Io 7) 9) 
pee 
and relative intensities of the subsidiary maxima depend upon the product of 
the two diffraction terms sin? a/a* and sin’ B/B’. 

These relative values will therefore be numerically equal to the product of 

any two terms of the series 
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Fig. 10.39. The distribution of intensity in the diffraction pattern from 

a rectangular aperture is seen as the product of two single-slit diffraction 

patterns, a wide diffraction pattern from the narrow dimension of the 

slit and a narrow diffraction pattern from the wide dimension of the slit. 

This ‘rotates’ the diffraction pattern through 90° with respect to the 
aperture 


The diffraction pattern from such an aperture together with a plan showing 
the relative intensities is given in fig. 10.39. 


Fraunhofer Diffraction from a Circular Aperture 


Diffraction through a circular aperture presents another two-dimensional 
problem to which the Fourier transform technique may be applied. 

As in the case of the rectangular aperture, the diffracted plane wave 
propagates in a direction k with direction cosines / and m with respect to the 
x- and y-axes (fig. 10.40a). The circular aperture has a radius d and any point — 
in it is specified by polar coordinates (r, @) where x =r cos 6 and y =r sin 0. 
This plane wave front in direction k is focused at a point P in the plane of 
the diffraction pattern and the amplitude at P is the superposition of the 
contributions from all points (r, @) in the aperture with their appropriate phase 
relationships. The phase difference between the contribution from a point 
defined (x, y) and that from the central point of the aperture is 


9) Z 
= (path difference) = s(x +my)=k,x+kyy 
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Fig. 10.40. (a) A plane monochromatic wave diffracted in a direc- 
tion k from a circular aperture is focused at a point P in the image 
plane. Contributions from all points x, y in the aperture superpose 
at P with appropriate phase relationships. (b) The direction k of 
(a) is chosen to lie wholly in the xz-plane to simplify the analysis. 
No generality is lost because of circular symmetry. The variation 
of the amplitude of diffracted light along any one radius determines 
the complete pattern 


as with the rectangular aperture, so that the Fourier transform becomes 


ae 1 s 2 —i(k,x+k,y) 
Flksts)=5—> [_ | fare dx dy 


If we use polar coordinates, f(x, y) becomes f(r, 9) and dx dy becomes r dr dé, 
where the limits of 6 are from 0 to 277. Moreover, because of the circular 
symmetry we may simplify the problem. The amplitude or intensity distribu- 
tion along any radius of the diffraction pattern is sufficient to define the whole 
of the pattern, and we may choose this single radial direction conveniently 
by restricting k to lie wholly in the xz plane (fig. 10.40b) so that m =k, =0 
and the phase difference is simply 


= =kx = ko'cwosd 
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Assuming that f(r, @) is a constant amplitude a at all points in the circular 
aperture, the transform becomes 


2a d 
F(k,)= se | dé i e Kx7©°89) ay 
0 


This can be integrated by parts with respect to r and then term by term in a 
power series for cos 6, but the result is well known and conveniently expressed 
in terms of a Bessel function as 


P(kx) = a Filks a) 


where J;(k,d) is called a Bessel function of the first order. 

Bessel functions are series expansions which are analogous to sine and 
cosine functions. Where sines and cosines are those functions which satisfy 
rectangular boundary conditions defined in Cartesian coordinates, Bessel 
functions satisfy circular or cylindrical boundary conditions requiring polar 
coordinates. | 

Standing waves on a circular membrane, e.g. a drum, would require 
definition in terms of Bessel functions. 

The Bessel function of order n is written 


x? : x* 
fl S)F ae 2:2n+2 2:4:-2n+2:2n4+4 °° 


so that 
x° x° x’ 3 
Hix) = ; "3741 3246 Faeg 
The expression a’d“[J,(k,d)/k.d |’, which measures the intensity along any 
radius of the diffraction pattern due to a circular aperture is normalized and 
plotted in fig. 10.41. 

J,(k,d) has an infinite number of zeros, and the diffraction pattern is formed 
by an infinite number of light and dark concentric rings. The first dark band 
will occur at the first zero of J,(k,d) which is given by k,d = 1-2197. 

However, 


kd shail Sa sin 9’ 
A A 


where @’ is the angle between the vector k and the z-axis and defines the 
angle of diffraction. The first minimum therefore occurs at d sin 6’=0-61A 
and the next minimum at d sin 0'= 1-16A. 

If the aperture were square with a side length 2d (the diameter of the 
circle) the first dark fringe would be at dsin 6’=0-5A and the second at 
d sin 0’=A. 
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Fig. 10.41. Intensity of the diffraction pattern from 
a circular aperture of radius d versus r, the radius of 
the pattern. The intensity is proportional to 
[Ji(k,.d)/k,d}’, where J; is Bessel’s function of order 
1. The pattern consists of a central circular principal 
maximum surrounded by a series of concentric rings 
of minima and subsidiary maxima of rapidly 
diminishing intensity 


As the radius of the circular aperture is reduced the value of 0’ for the first 
minimum is increased and the whole pattern expands. This reminds us that 
a reduction of the pulse in x-space requires an increase in wave number or 
k-space to represent it. 


Fresnel Diffraction 


The Straight Edge and Slit 


Our discussion of Fraunhofer diffraction considered a plane wave normally 
incident upon a slit in a plane screen so that waves at each point in the plane 
of the slit were in phase. Each point in the plane became the source of a new 
wavefront and the superposition of these wavefronts generated a diffraction 
pattern. At a sufficient distance from the slit the superposed wavefronts were 
plane and this defined the condition for Fraunhofer diffraction. Its pattern 
followed from summing the contributions from these waves together with 
their relative phases and on page 21 we saw that these formed an arc of 
constant length. When the contributions were all in phase the arc was a straight 
line but as the relative phases increased the arc curved to form closed circles 
of decreasing radii. The length of the chord joining the ends of the arc 
measured the resulting amplitude of the superposition and the square of that 
length measured the light intensity within the pattern. 

Nearer the slit where the superposed wavefronts are not yet plane but 
retain their curved character the diffraction pattern is that of Fresnel. There 
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Fig. 10.42. Cornu spiral associated with Fresnel diffraction. 
The spiral in the first quadrant represents the contribution 
from the upper half of an infinite plane wavefront above 
an infinite straight edge. The third quadrant spiral results 
from the downward withdrawal of the straight edge. The 
width of the wavefront contributing to the diffraction pattern 
is correlated with the length u along the spiral. The upper 
half of the wavefront above the straight edge contributes 
an intensity. (OZ) that is, the square of the length of the 
chord from the origin to the spiral eye. This intensity is 0-25 
of the intensity ip ey due to the whole wavefront 


is no sharp division between Fresnel and Fraunhofer diffraction, the pattern 
changes continuously from Fresnel to Fraunhofer as the distance from the 
slit increases. 

The Fresnel pattern is determined by a procedure exactly similar to that 
in Fraunhofer diffraction, an arc of constant length is obtained but now it 
convolutes around the arms of a pair of joined spirals, fig. 10.42, and not 
around closed circles. 

An understanding of Fresnel diffraction is most easily gained by first 
considering, not the slit, but a straight edge formed by covering the lower 
half of the incident plane wavefront with an infinite plane screen. The 
undisturbed upper half of the wavefront will contribute one half of the total 
spiral pattern, that part in the first quadrant. 
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Fig. 10.43. Fresnel diffraction pattern 

from a straight edge. Light is found 

within the geometric shadow and fringes 

of varying intensity form the observed 

pattern. The intensity at the geometric 

shadow is 0:25 of that due to the undis- 
turbed wavefront 


The Fresnel diffraction pattern from a straight edge, fig. 10.43, has several 
significant features. In the first place light is found beyond the geometric 
shadow; this confirms its wave nature and requires a Huygens wavelet to 
contribute to points not directly ahead of it (see the discussion on page 278). 
Also, near the edge there are fringes of intensity greater and less than that 
of the normal undisturbed intensity (taken here as unity). On this scale the 
intensity at the geometric shadow is exactly 0:25. 

To explain the origin of this pattern we consider the point O at the straight 
edge of fig. 10.44 and the point P directly ahead of O. The line OP defines 
the geometric shadow. Below O the screen cuts off the wavefront. The phase 
difference between the contributions to the disturbance at P from O and from 
a point H, height h above O is given by 


where OP =/ and higher powers of h’// are neglected. 

We now divide the wavefront above O into strips which are parallel to the 
infinite straight edge and we call these strips ‘half period zones’. This name 
derives from the fact that the width of each strip is chosen so that the 
contributions to the disturbance at P from the lower and upper edges of a 
given strip differ in phase by 7 radians. 

Since the phase A(h)cch’ we shall not expect these strips or half period 
zones to be of equal width and fig. 10.45 shows how the width of each strip 
decreases as h increases. The total contribution from a strip will depend upon 
its area, that is, upon its width. The amplitude and phase of the contribution 
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Fig. 10.44. Line OP normal to the 
straight edge defines the geometric 
shadow. The wavefront at height A 
above O makes a contribution to the 
disturbance at P which has a phase lag 
of zh7/Al with respect to that from O. 
The total disturbance at P is the vector 
sum (amplitude and phase) of all contri- 
butions from the wavefront section 
above O 


9 


at P from a narrow strip of width dh at a height A above O may be written 
as (dh) e'“ where A= h7/Al. 
This contribution may be resolved into two perpendicular components 


dx =dh cos A 


and 


dy =dh sin A 


If we now plot the vector sum of these contributions the total disturbance 
at P from that section of the wavefront measured from O to a height / will 
have the component values x ={ dx and y =f dy. These integrals are usually 
expressed in terms of the dimensionless variable u = h(2/al)'’* the physical 
significance of which we shall see shortly. 
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Fig. 10.45. Variation of the width of each 
half period zone with height h above the 
straight edge 


We then have A= 7u?/2 and dh =(Al/2)'/? du and the integrals become 
xis | dx = [ cos (aru*/2) du 
and 
y= | dy = [ sin (ru~/2) du 


These integrals are called Fresnels Integrals and the locus of the coordinates 
x and y with variation of u (that is of h) is the spiral in the first quadrant of 
fig. 10.42. The complete figure is known as Cornu’s spiral. 

As h, the width of the contributing wavefront above the straight edge, 
increases, we measure the increasing length u from 0 along the curve of the 
spiral in the first quadrant until, as h and u >© we reach Z, the centre of 
the spiral eye with coordinate x =34, y =3. 

The tangent to the spiral curve is 


and this is zero when the phase 
A(h) = wh? /Al = nu? /2 =m 


where m is an integer so that u =/ (2m) relates u, the distance measured 
along the spiral to m the number of half period zones contributing to the 
disturbance at P. The total intensity at P due to all the half period zones 


Waves in Optical Systems 341 


above the straight edge is given by the square of the length of the ‘chord’ 
OZ,. This is the intensity at the geometric shadow. 

Suppose now that we keep P fixed as we slowly withdraw the screen vertically 
downwards from O. This begins to reveal contributions to P from the lower 
part of the wavefront that is, the part which contributes to the Cornu spiral 
in the third quadrant. The length u now includes not only the whole of the 
upper spiral arm but an increasing part of the lower spiral until, when u has 
extended to Z> the ‘chord’ Z,Z, has its maximum value and this corresponds 
to the fringe of maximum intensity nearest the straight edge. Further with- 
drawal of the screen lengthens u to the position Z; which corresponds to the 
first minimum of the fringe pattern and the convolutions of an increasing 
length u around the spiral eye will produce further intensity oscillations of 
decreasing magnitude until, with the final removal of the screen, u is now the 
total length of the spiral and the square of the ‘chord’ length ZiZ; gives the 
undisturbed intensity of unit value. But Z,Z; = 2Z,O so that the undisturbed 
intensity (Z,Z\) is a factor of four greater than (Z,0)° the intensity at the 
geometric shadow. 

The Fresnel diffraction pattern from a slit may now be seen as that due to 
a fixed height h of the wavefront equal to that of the slit width. This defines 
a fixed length u of the spiral between the end points of which the ‘chord’ is 
drawn and its length measured and squared to give the intensity. At a given 
distance from the slit the intensity at a point P in the diffraction pattern will 
correlate with the precise location of the fixed length u along the spiral. At 
the centre of the pattern P is symmetric with respect to the upper and lower 
edges of the slit and the fixed length u is centred about O fig. 10.46. As P 
moves across the pattern towards the geometric shadow the length u moves 
around the convolutions of the spiral. In the geometric shadow this length is 
located entirely within the first or third quadrant of the spiral and the 
magnitude of the ‘chord’ between its ends is less than OZ;. When the slit is 
wide enough to produce the central minimum of the diffraction pattern in fig. 
10.47 the length u is centred at O with its ends at Z; and Z, in fig. 10.46. 


Circular aperture (Fresnel diffraction) 


In this case the half period zones become annuli of decreasing width. If r, is 
the mean radius of the half period zone whose phase lag is nz with respect 
to the contribution from the central ring the path difference in fig. 10.48 is 
given by 


NP—OP =A=nA/2=3r2/l 


Unlike the rectangular example of the straight edge where the area of the 
half period zone was proportional to its width dh each zone here has the 
same area equal to Al. 

Each zone thus contributes equally to the disturbance at P except for a 
factor arising from the rigorous Kirchhoff theory which, until now, we have 
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Fig. 10.46. The slit width 4 defines a fixed length u of 
the spiral. The intensity at a point P in the diffraction 
pattern is correlated with the precise location of u on 
the spiral. When P is at the centre of the pattern wu is 
centred on O and moves along the spiral as P moves 
towards the geometric shadow. Within the geometric 
shadow the chord joining the ends of u is less than OZ, 


been able to ignore. This is the so called obliquity factor cos y where y is 
shown in the figure. This factor is negligible for small values of n but its effect 
is to reduce a zone contribution as n increases. A large circular aperture with 
many zones produces, in the limit, an undisturbed normal intensity on the 
axis and from fig. 10.49 where we show the magnitude and phase from 
successive half zones we see that the sum of these vectors which represents 
the amplitude produced by an undisturbed wave is only half of that from the 
innermost zone. 

It is evident that if alternate zones transmit no light then the contributions 
from the remaining zones would all be in phase and combine to produce a 
high intensity at P similar to the focusing effect of a lens. Such circular ‘zone 
plates’ are made by blacking out the appropriate areas of a glass slide, fig. 
10.50. A further refinement increases the intensity still more. If the alternate 
zone areas are not blacked out but become areas where the optical thickness 
of the glass is reduced, via etching, by A/2 the light transmitted through these 
zones is advanced in phase by 7 radians so that the contributions from all 
the zones are now in phase. 
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Intensity 


Slit width 


Fig. 10.47. Fresnel diffraction pattern from a slit which is wide enough for 
the spiral length u to be centred at O and to end on points Z; and Z, of 
fig. 10.46. This produces the intensity minimum at the centre of the pattern 


Holography 


Why is it that when we observe an object we see it in three dimensions but 
when we photograph it we obtain only a flat two dimensional distribution of 
light intensity? The answer is that the photograph has lost the information 
contained in the phase of the incident light. Holographic processes retain this 
information and a hologram reconstructs a three dimensional image. 


Fig. 10.48. Fresnel diffraction from a circular 
aperture. The mean radius r, defines the half 
period zone with a phase lag of nz at P with 
respect to the contribution from the central zone. 
The obliquity angle y which reduces the zone 
contribution at P increases with n 
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Fig. 10.49. The vector contributions from suc- 
cessive zones in the circular aperture. The ampli- 
tude produced by an undisturbed wave is seen 
to be only half of that from the central zone. 
Removing the contributions from alternate zones 
leaves the remainder in phase and produces a 
very high intensity. This is the principle of the 
zone plate of fig. 10.50 


Fig. 10.50. Zone plate produced 

by removing alternate half zones 

from a circular aperture to leave 

the remaining contributions in 
phase 
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The principle of holography was proposed by Gabor in 1948 but its full 
development needed the intense beams of laser light. A hologram requires 
two coherent beams and the holographic plate records their interference 
pattern. In practice both beams derive from the same source, one serves as 
a direct reference beam the other is the wavefront scattered from the object. 

Fig. 10.51 shows one possible arrangement where a partly silvered beam 
splitter passes the direct reference beam and reflects light on to the object 
which scatters it on to the photographic plate. Mirrors or deviating prisms 
are also used to split the incident beam. 


Laser 


Beam 


splitter Object 


Scattered 
wavefront 


V—> Hologram 


Fig. 10.51. The hologram records the 
interference between two parts of the 
same laser beam. The original beam is 
divided by the partially silvered beam 
splitter to form a direct reference beam 
and a wavefront scattered from the 
object. The amplitude and phase infor- 
mation contained in the scattered wave- 
front must be preserved and recovered 


iwt 


In fig. 10.51 let the reference beam amplitude be Aye”. If the holographic 
plate lies in the yz plane both the amplitude and phase of scattered light 
which strikes a given point (y, z) on the plate will depend on these co-ordinates. 
We simplify the analysis by considering only the y co-ordinate shown in the 
plane of the paper and we represent the scattered light in amplitude and 
phase as a function of y, namely 


A (y) eilot+d()) 


It is this information we shall wish to recover. 
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_ We may now write the resulting amplitude at y (after removing the common 
e”' factor) as 


A=AotAly)e'*”” 
The intensity is therefore 
I =AA*=[Apt+Aly) ee? A+ Aly)e 7 
=Ap+Aly)+AocA(yler” +e 97] 


The holographic plate records this intensity as shown in fig. 10.52 where 
the reference intensity A¢ is modulated by the terms which contain A(y) and 
o(y), the original scattered amplitude and phase information. This modulation 
shows of course as contrasting interference fringes whose local intensity is 


Intensity 
recorded 
by hologram 


Distance along hologram y 


Fig. 10.52. Total intensity recorded as a function 

of y by the holographic plate. The direct refer- 

ence beam intensity Ao is modulated by informa- 

tion from the scattered wavefront. This shows as 

variations in the intensity of an interference 
fringe pattern 


governed by the amplitude A(y) and whose distribution along the y axis is 
determined by the phase ¢(y). The wavefront scattered by the object is now 
reconstructed to form the holographic image. This is done by shining the 
reference beam through the processed hologram which acts as a diffraction 
grating. The greater the recorded intensity the lower the transmitted ampli- 
tude. If the developed photographic emulsion possessed idealized characteris- 
tics the relation between the transmitted amplitude of the reference beam 
and the exposure would be linear. Exposure defines the product of incident 
intensity and exposure time. The curve relating the characteristics for a real 
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holographic emulsion is shown in fig. 10.53 and this is linear only over a 
limited range near the centre indicated by the dotted lines. This imposes 
several conditions on practical holography. 

In the first place the exposure must be correctly chosen at the value Ec. 
Secondly, the value of the reference beam intensity A> must be chosen to 
produce the correct transmitted amplitude T» on the vertical axis of fig. 10.53. 


Amplitude transmittance 
3 


Linear response 


region of curve 


| 
| 
| 
| 
| 
| 
| 
En 


Exposure = intensity x time 


Fig. 10.53. Characteristic curve of a real holographic 
emulsion (transmittance versus exposure). Only the cen- 
tral linear section of the curve is used. The transmittance 
Ty (governed by the reference beam intensity Ao) is 
chosen with the critical exposure E, to produce the central 
point on the linear part of the curve. Information from 
the scattered wavefront must keep the modulations 
within the linear range for faithful reproduction free from 
distortion 


This value of Ty is at the centre of the linear range. Finally the modulation 
of Ag by the scattered intensity A(y)* in fig. 10.53 must be small enough for 
the transmission of the modulated signal to remain within the linear range of 
the characteristic curve. Excursions outside this range introduce nonlinear 
distortions by generating extra Fourier frequency components (the situation 
is similar to that for characteristic curves in electronic amplifiers). 

Experimentally this final restriction requires A(y)<« Ao. 

Shining the reference beam through the processed hologram produces a 
transmitted amplitude 


Aol = As +A>sA(y) eb? 4 ASA(y) e ily) 
= A2[Aot Aly) ee? +Al(y) e*7 
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Fig. 10.54. (a) Shining the reference beam through the processed hologram 

produces three components Ao, A(y) e’®”’ and A(y) e '*”” in the directions 

shown. Movement of the eye from X to Y about the component A(y) e'?” 

resolves the separate points O and O’ on the image of the object to reveal 

its three dimensional nature. (b) In (b) this image at O is seen to be virtual 

while the image associated with the component A(y) e ‘®”’ is real. This real 
image is ‘phase reversed’ and the object appears ‘inside out’ 


where we have neglected the A(y)* term as < Ag and have written the negative 
and positive exponential terms separately. This has a profound physical 
significance for we see that apart from the common constant factor A¢, the 
observed transmitted beam has three components Ao, A(y) e'®™ and 
A(y) e (Gr 

The first term, Avy, shows that the incident reference beam has continued 
beyond the hologram to form the central beam of fig. 10.54(a). The second 
component A(y)e'*” has the same form in amplitude and phase as the 
original wavefront scattered from the object. As shown in fig. 10.54(b) it is 
seen to be a wavefront diverging from a virtual image of the object having 
the same size and three dimensional distribution as the object itself. Moving 
the eye across this beam in 10.54(a) exposes a different section OO’ of the 
virtual image to produce a three dimensional effect. 

The third component of the transmitted beam is identical with the second 
except for the phase reversal; it has a negative exponential index. It forms 
another image, in this case a real image often referred to as ‘pseudoscopic’. 
It is an image of the original object turned inside out. All contours are 
reversed, bumps become dents and the closest point on the original object 
when viewed directly by the observer now becomes the most distant. 
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Problem 10.1 


Apply the principle of page 284 to a thin bi-convex lens of refractive index n to show 
that its focal length is 


oe ( : ee 

et a 
where R, and R,, the radii of curvature of the convex faces, are both much greater 
than the thickness of the lens. 


Problem 10.2 


A plane parallel plate of glass of thickness d has a non-uniform refractive index n 
given by n =n —ar? where nv and a are constants and r is the distance from a certain 
line perpendicular to the sides of the plate. Show that this plate behaves as a converging 
lens of focal length 1/2ad. 


Problem 10.3 


For oscillatory waves the focal point F of the converging wavefront of fig. 10.55 is 
located where Huygens secondary waves all arrive in phase: the point F’ vertically 
above F receives waves whose total phase range Ad depends on the path difference 
AF’— BF’. When F' is such that Ad is 27 the resultant amplitude tends to zero. Thus 


Fig. 10.55 


the focus is not a point but a region whose width x depends on the wavelength A and 
the angle 6 subtended by the spherical wave. If PF’ is perpendicular to BF the phase 
at F’ and P may be considered the same. Show that the width of the focal spot is given 
by x =A/sin 6. Note that sin @ is directly related to the f/d ratio for a lens (focal 
length/diameter) so that x defines the minimum size of the image for a given wavelength 
and a given lens. 


Problem 10.4 


Figure 10.56 shows schematically two thin lenses of powers P, and P, separated by 
a distance ¢ in air. Use the arguments associated with fig. 10.11 to show that the 
combined power P of the lenses is given by P = P; + P, — P Pat. 
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Lens 1 Lens 2 


Fig. 10.56 


Problem 10.5 


The powers P,; and P, of problem 10.4 now represent the powers of the refractive 
surfaces of a lens of thickness ¢t and refractive index n. Repeat the arguments of 
problem 10.4 to show that the power of a thick lens is given by 


P=P,+P,—P;P.t/n 


Problem 10.6 


In fig. 10.14 trace the ray LpFy to L; and use the method of similar triangles to prove 
Newton’s formula 


Problem 10.7 


As an object moves closer to the eye its apparent size grows with the increasing angle 
it subtends at the eye. A healthy eye can accommodate (that is, focus) objects from 
infinity to about 25 cm. the closest ‘distance of distinct vision’. Beyond this ‘near point’ 
the eye can no longer focus and a magnifying glass is required. A healthy eye has a 
range of accommodation of 4 dioptres (1/00 to 1/0-25 metres). If a man’s near point 
is 40 cm from his eye show that he needs spectacles of power equal to 1-5 dioptres. 
If another man is unable to focus at distances greater than 2 m. show that he needs 
diverging spectacles with a power of —0:5 dioptres. 


Problem 10.8 


Fig. 10.57 shows a magnifying glass of power P with an erect and virtual image at I’. 
The angular magnification 


M. = B/Y 
_ angular size of image seen through the glass at distance /' 
angular size of object seen by the unaided eye at d, 


where d, is the distance of distinct vision. Show that the transverse magnification 
M, =I'/l where | is the actual distance (not d,) at which the object O is held. Hence 
show that M, =d,// and use the thin lens power equation, page 292, to show that 


M, =d,(P+1/l')=Pdy)+1 


when /'=d). Note that M, reduces to the value Pd, when the eye relaxes by viewing 
the image at ©. 
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Lens power P 


Fig. 10.57 


Problem 10.9 


A telescope resolves details of a distant object by accepting plane wavefronts from 
individual points on the object and amplifying the very small angles which separate 
them. In fig. 10.58, a is the angle between two such wavefronts one of which propagates 
along the optical axis. In normal adjustment the astronomical telescope has both object 
and image at ©O so that the total power of the system is zero. Use the result of problem 
10.4 to show that the separation of the lenses must be f,+/f. where f, and f. are 
respectively the focal lengths of the object and eye lenses. 


Plane = 1p 5 le 


wo.'efronts |, Object lens 


—— ee ae ae 


Rays from virtual 
image at © 


Fig. 10.58 


If 2y is the width of the wavefront at the objective and 2y’ is the width of the 
wavefront at the eye ring show that 


, 

a 
v.=|*|- 

6 4 


f.|_D 
eS | 


where D is the effective diameter of the object lens and d is the effective diameter 
of the eye lens. Note that the image is inverted. 
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Problem 10.10 


The two lens microscope system of fig. 10.59 has a short focus objective lens of power 
P, and a magnifying glass eyepiece of power P.. The image is formed at the near point 
of the eye (the distance d, of problems 10.7 and 10.8). Show that the magnification 
by the object lens is M, = —P,x' where the minus sign shows that the image is inverted. 
Hence use the expression for the magnifying glass in problem 10.8 to show that the 
total magnification is 


M =M.M. = —P.P.d.x' 


The length x’ is called the optical tube length and is standardized for many microscopes 
at 0.14 m. 


Fig. 10.59 


Problem 10.11 


Microscope objectives are complex systems of more than one lens but the principle 
of the oil immersion objective is illustrated by the following problem. In fig. 10.60 
the object O is embedded a distance R/n from the centre C of a glass sphere of radius 


Fig. 10.60 
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R and refractive index n. Any ray OP entering the microscope is refracted at the 
surface of the sphere and, when projected back, will always meet the axis CO at the 
point I. Use Snell’s Law to show that the distance IC =nR. 


Problem 10.12 


Two identical radio masts transmit at a frequency of 1500 kc/s and are 400 metres 
apart. Show that the intensity of the interference pattern between these radiators is 
given by J = 2J,[1+cos (47 sin @)], where J, is the radiated intensity of each. Plot this 
intensity distribution on a polar diagram in which the masts lie on the 90°-270° axis 
to show that there are two major cones of radiation in opposite directions along this 
axis and 6 minor cones at 0°, 30°, 150°, 180°, 210° and 330°. 


Problem 10.13 


(a) Two equal sources radiate a wavelength A and are separated a distance A/2. There 
is a phase difference 6)=7 between the signals at source. If the intensity of each 
source is J,, show that the intensity of the radiation pattern is given by 


1 =A4L sin? é sin 0) 


where the sources lie on the axis +7/2. 
Plot J versus 0. 
(b) If the sources in (a) are now A/4 apart and 69 = 77/2 show that 


f= 41, cos’ qi +sin a)| 


Plot J versus @. 
Problem 10.14 


(a) A large number of identical radiators is arranged in rows and columns to form a 
lattice of which the unit cell is a square of side d. Show that all the radiation from 
the lattice in the direction 6 will be in phase at a large distance if tan 6 = m/n, where 
m and n are integers. 

(b) If the lattice of section (a) consists of atoms in a crystal where the rows are parallel 
to the crystal face, show that radiation of wavelength A incident on the crystal face 
at a grazing angle of @ is scattered to give interference maxima when 2d sin 0 =nA 
(Bragg reflexion). 


Problem 10.15 


Michelson’s Stellar Interferometer, shown schematically in the diagram, allows 
monochromatic light from two separate stars 1 and 2 to form double slit interference 
fringes on the screen PP’. If the angles are small show that the phase difference 
between the two beams from star 1 is 


Z 
§1=—“flar+8) 


Find a similar expression for 6, (star 2) and show that the condition for the fringe 
system formed by star 1 to be displaced half a fringe from that formed by star 2 is 


oe 
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where a@ is the angular separation between the stars. Such a fringe displacement 
destroys the intensity contrast of the fringe system and experimentally f is varied to 
find its minimum value at which the contrast vanishes in order to measure a. 


Problem 10.16 


The interferometer of problem 10.15 is modified by the mirror system shown in the 
diagram where / and f are variable. Show that the resolving power of this arrangement 
is a factor //f greater than that of problem 10.15. 
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Problem 10.17 


Show that the separation of equal sources in a linear array producing a principal 
maximum along the line of the sources (@ =+77/2) is equal to the wavelength being 
radiated. Such a pattern is called ‘end fire’. Determine the positions (values of 6) of 
the secondary maxima for N = 4 and plot the angular distribution of the intensity. 


Problem 10.18 


The first multiple radio astronomical interferometer was equivalent to a linear array 
of N = 32 sources (receivers) with a separation f= 7 metres working at a wavelength 
A =0:21 metre. Show that the angular width of the central maximum is 6 minutes of 
arc and that the angular separation between successive principal maxima is 1° 42’. 


Problem 10.19 


Suppose that Newton’s Rings are formed at a wavelength A by the system in fig. 10.25 
except that the planoconvex lens now rests centrally in a concave surface of radius of 
ture R, and not on an optical flat. Show that the radius r, of the nth dark ring 
is given by 


“2 = R,R>na 
" (Ri-R2) 


where R, is the radius of curvature of the convex surface of the lens and R,>R2. 
(Note R, and R, have the same sign.) 


Problem 10.20 


Monochromatic light is normally incident on a single slit, and the intensity of the 
diffracted light at an angle 6 is represented in magnitude and direction by a vector I, 
the tip of which traces a polar diagram. Sketch several polar diagrams to show that 
as the ratio of slit width to the wavelength gradually increases the polar diagram 
becomes concentrated along the direction 6 = 0. 


Problem 10.21 


The condition for the maxima of the intensity of light of wavelength A diffracted by 
a single slit of width d is given by a = tana, where a = 7d sin 0/A. The approximate 
values of a which satisfy this equation are a =0, +37/2, +572/2, etc. Writing a = 
32/2-—6, 57/2—6, etc., where 6 is small, show that the real solutions for a are a =0, 
+1:437, +2-4597, +3-4717, etc. 


Problem 10.22 


Prove that the intensity of the secondary maximum for a grating of three slits is 5 of 
that of the principal maximum. 


Problem 10.23 


A diffraction grating has N slits and a grating space f. If 8 = mf sin @/A, where @ is 
the angle of diffraction, calculate the phase change dB required to move the diffracted 
light from the principal maximum to the first minimum to show that the half width 
of the spectral line produced by the grating is given by d@ = (nN cot 6)’, where n is 
the spectral order. ( For N = 14,000, n =1 and 6 = 19°, d@ ~5 seconds of arc.) 


Problem 10.24 


(a) Dispersion is the separation of spectral lines of different wavelengths by a diffraction 
grating and increases with the spectral order n. Show that the dispersion of the lines 
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when projected by a lens of focal length F on a screen is given by 


dl _ ,40_nF 
apm: Gees « 
for a diffraction angle 6 and the nth order, where / is the linear spacing on the screen 
and f is the grating space. 
(b) Show that the change in linear separation per unit increase in spectral order for 


two wavelengths A = 5 x 10’ metres and A, =5-2 x 10’ metres in asystem where F = 2 
metres and f = 2 x 10~° metres is 2 x 10 7 metres. 


Problem 10.25 


(a) A sodium doublet consists of two wavelengths A; = 5-890 x10’ metres and A,= 
5-896 x 10°’ metres. Show that the minimum number of lines a grating must have to 
resolve this doublet in the third spectral order is ~328. 

(b) A red spectral line of wavelength A = 6-5 x10’ metres is observed to be a close 
doublet. If the two lines are just resolved by a grating of 9 x 10* lines show that the 
doublet separation is 2 x 10° ** metres. 


Problem 10.26 


Optical instruments have circular apertures, so that the Rayleigh criterion for resolution 
is given by sin @ = 1:22A/a, where a is the diameter of the aperture. 


s exaggerated. Consider OB Ii O'B 
OA Il OA 


Two points O and O’ of a specimen in the object plane of a microscope are separated 
by a distance s. The angle subtended by each at the objective aperture is 2i and their 
images I and I’ are just resolved. By considering the path difference between O'A and 
O’B show that the separation s = 1:22A/2 sini. 


Summary of Important Results 


Power of a thin lens 
1 1 1 


where n is the refractive index of the lens material, R; and R> are the radii 
of curvature of the lens surfaces and f is the focal length. 
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Optical Helmholtz Equation | 


ny tan a =constant 


where n is the refractive index of a medium, y is the width of a wavefront 
section and a is the angle between the optical axis and the normal to the 
wavefront section. 

This equation becomes 


nya = constant for paraxial rays. 


Interference: division of wavefront (two equal sources) 


Intensity 

I =4I, cos’ 6/2 
where 

I, = source intensity 
and 


6 = |=" (path difference) is phase difference 


Interference (N equal sources-separation f) 


__ - 

sin’ NB c. 
p= h =—fsin@ 

sin? B sg rw 


Principal maxima 


I=N’I, atfsin@d=na 


Fraunhofer diffraction (single slit—width d) 
Intensity 


=: 
sin® a a 
I=Ip>—> _ where a =—d sin @ 
a A 


Intensity distribution from N slits (width d-separation f ) 


> 2 ae 
sin’ a sin” NB 
T=TIp 5 PES | 
a sin’ B 


(interference pattern modified by single slit diffraction envelope). 
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Resolving power of transmission grating 
aes 
dx 

where n is spectral order and N is number of grating lines: 


Expressible in terms of Bandwidth Theorem as 


Av At=1 


nN 


where Av is resolvable frequency difference and At is the time difference 
between extreme optical paths. 
Resolving power 


2. 
AA 


V 


Av 


@ 
fs. 


where Q is the quality factor of the system. 


Chapter 11 


Non-linear Oscillations 


The oscillations discussed in this book so far have all been restricted in 
amplitude to those which satisfy the equation of motion where the restoring 
force is a linear function of the displacement. This restriction was emphasized 
in Chapter 1 and from time to time its limiting influence has required further 
discussion, for example in Chapter 5 on acoustic waves in a fluid. We now 
discuss some of the consequences when this restriction is lifted. 


Free Vibrations of an Anharmonic Oscillator—Large Amplitude Motion of a 
Simple Pendulum 


In fig. 1.1 the equation of motion of the simple pendulum was written in terms 
of its angular displacement as 

d°9 

ae AYA) =0 
where wo = g/l. Here an approximation was made by writing @ for sin 0; the 
equation is valid for oscillation amplitudes within this limit. When 027° 
however, this validity is lost and we must consider the more complicated 
equation 

d’9 
rae Wo sin 6=0 
Multiplying this equation by 2d6/dt and integrating with respect to ¢t gives 
(d@/dt)* = 2m cos 6+ A, where A is the constant of integration. The velocity 
dé/dt is zero at the maximum angular displacement @= 60, giving A= 
—2w6 COS Op so that 
dé 1/2 


pas Wo 2(cos 6 —coOs Go) | 


| dé 
@W = —— EE re 
: {2[cos @—cos Oo]} 1/7 


359 


or, upon integrating, 
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If 6=O0 at time t=O and T is the new period of oscillation, then @ = @p at 
t= T/4, and using half-angles we obtain 


T 3 dé 
O 


04 J, 2[sin? 6o/2—sin2 6/2] 


If we now express @ as a fraction of 69 by writing sin 6/2 =sin (69/2) sin @, 
where, of course, —1<sin @ <1, we have 


(os 6/2)80 = (sin 0/2) cos b 8 
giving 


7 r= (" do 
~ Jo [1—(sin? 09/2) sin? @]'/* 


where Tp =277/ wo. 
Expansion and integration gives 


T =T)(1+4sin’ 60/2+@ sin" 00/2)+... 
or approximately 


T= To(1 +4 sin’ 40/2) 


(Problem 11.1) 


*\ Forced Oscillations—Non-linear Restoring Force 


When an oscillating force is driving an undamped oscillator the equation of 
motion for such a system is given by 


mx + s(x) = Fo cos wt 


where s(x) is anon-linear function of x, which may be expressed in polynomial 
form: 


s(x) =s,x+59x7+55x°... 


where the coefficients are constant. In many practical examples s(x)= 
s,x +53x°, where the cubic term ensures that the restoring force s(x) has the 
same value for positive and negative displacements, so that the vibrations are 
symmetric about x = 0. When s, and s3 are both positive the restoring force for 
a given displacement is greater than in the linear case and, if supplied by a 
spring, this case defines the spring as ‘hard’. If s3 is negative the restoring force 
is less than in the linear case and the spring is ‘soft’. In fig. 11.1 the variation of 
restoring force is shown with displacement for s3 zero (linear), s3 positive (hard) 
and s3 negative (soft). We see therefore that the large amplitude vibrations of 
the pendulum of the previous section are soft-spring controlled because 


sin@~0—30° 
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Restoring force 


displacement 


Fig. 11.1. Oscillator displacement versus 

restoring force for (a) linear restoring 

force, (b) non-linear ‘hard’ spring, and (c) 
non-linear ‘soft’ spring 


Fig. 11.2 shows a mass m attached to points D and D’, a vertical distance 2a 
apart, by two light elastic strings of constant stiffness s and subjected to a 
horizontal driving force Fo cos wt. At zero displacement the tension in the 
strings is Ty and at a displacement x (not limited in value) the tension is 
T = Typ +s(L—a) where L is the stretched string length. 

The equation of motion (neglecting gravity) is 


mx =—2T sin 0+ Fo cos wt 


es YE —a)|-+Fo man cab 


b=d{i+(@)] 


and expanding this expression in powers of x/a, we obtain by neglecting terms 
smaller than (x/a)° 


Inserting the value 


21. = (sa-—To) 3 


mx = 3—x° + Fo cos wt 
a a 


between two points D and D’ vertically separated by a 


distance 2a and subjected to a lateral force Fo cos wt 


| 
| 

Fig. 11.2. A mass m supported by elastic strings 20 ! 
: x/ £ cos wh 
| 
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which we may write 
: 3 Fo 
X+8,;X +83X =—coswt 
m 
where 
_ $a dg 


2To 
=— and s3= 5 
ma ma 


S} 


If s3 is small we assume (as a first approximation) the solution x; = A cos wt, 
which yields from the equation of motion 


F 

= 3 3 0 

X¥1=—5,A cos wt —53A™> cos wt+— cos wt 
m 


Since cos’ wt = 3 COS wt +4 cos 3wt, this becomes 
¥1=—(s1:A +453A°—Fo/m) cos wt — 483A” cos 3wf » 

Integrating twice, where the constants become zero from initial boundary 
conditions, gives as a second approximation to the equation 

: 3_ Fo 

X+5,;X +53X =—COS wt 

m 

the solution 


3 
cos 3wt 


X2= S(s,A FES -**) COs wt+ ue 

7) 4 m 36w 
Thus for s3 small we have a value of w appropriate to a given amplitude A, and 
we can plot a graph of amplitude versus driving frequency. Note that we have a 
third harmonic. We see that for a system with a non-linear restoring force 
resonance.does not exist in the same way as in the linear case. In the example 
above, even when no damping is present, the amplitude will not increase 


Amplitude 
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Fig. 11.3. Response curves of amplitude versus 
frequency for oscillators having (a) a ‘hard’ 
spring restoring force, and (b) a ‘soft’ spring 
restoring force. In the extreme case (c) the tilt of 
the maximum is sufficient to allow multi-valued 
amplitudes at a given frequency and ‘shock 
jumps’ may occur. (See fig. 11.6 for comparable 
behaviour in a high amplitude sound wave.) 
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without limit for a driving force of a given frequency, for if w is the natural 
frequency at low amplitude it is no longer the natural frequency at high 
amplitude. For s3 positive (hard spring) the natural frequency increases with 
increasing amplitude and the amplitude versus frequency curve has a tilted 
maximum (fig. 11.3a). For a soft spring, s3 is negative and the behaviour follows 
fig. 11.3b. It is possible for the tilt to become so pronounced (fig. 11.3c) that the 
amplitude is not single valued for a given w and shock jumps in amplitude may 
occur at a given frequency (see the later section on the development of a shock 
front in a high amplitude acoustic wave). 


(Problems 11.2, 11.3) 


Thermal Expansion of a Crystal 


Chapter 1 showed that the curve of potential energy versus displacement for a 
linear oscillator was parabolic. Small departures from this curve are consistent 
with anharmonic oscillations. Consider the potential energy curve for a pair of 
neighbouring ions of opposite charge +e in a crystal lattice such as that of KCI. 
If r is the separation of the ions the mutual potential energy is given by 


Zz 
ae 
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c 4 potential 
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/ energy 


Fig. 11.4. Non-parabolic curve of mutual 
potential energy between oppositely 
charged ions in the lattice of an ionic 
crystal (NaCl or KCI). The combination of 
repulsive and attractive forces yields an 
equilibrium separation ro. Very small 
energy increments give harmonic motion 
about rp but oscillations at higher energies 
are anharmonic, leading to thermal 
expansion of the crystal 
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where a and £ are positive constants and p=9. This is plotted in fig. 11.4, 
which shows that the potential energy curve is no longer parabolic. The first 
term of V(r) is the energy due to Coulomb attraction; the second is that of a 
repulsive force. The value of a depends upon the presence of neighbouring 
ions and is about 0-3. The constant B can be found in terms of @ and the 
equilibrium separation rp because, in equilibrium, 


(e¥) ae” PBL 


ro red 


giving 
29-4 
_ ae To 


P 
X-ray diffraction from such crystals gives ro = 3:12 A for KCl, so that B may be 
found numerically. 
To consider small displacements from the equilibrium value rp let us expand 
V(r) about r= ro in a Taylor series to give 


d Y) a = 3 x° € a 
= +x(—]) +—(—,] +=|(—> 
Viry= Vo) (o Side i See 


B 


where x =r—Yro. Since (d V/dr),, =0, we may write 


x Bx 
Vir)— V(r) = V(x) = Az +-—— 
z! «3! 

The quantity Ax*/2 is the quadratic term familiar in the linear oscillator, so 
that for very small disturbances the bottom of the potential energy curve is 
parabolic, and a small gain in energy causes the ion pair to oscillate symmetri- 
cally about r= rg. An increase in the ion pair energy involves the second term 
Bx°?/6, and oscillations are no longer symmetric about ro, because |r2—ro| > 
|r: —ro| in fig. 11.4. Hence the time average for r—ro is not zero as it is for a 
linear oscillator, and this time average r,>ro. If all ion pairs acquire this 
amount of energy, for example by heating, the crystal expands. We may 
consider the force between the two ions as 


and note that the quadratic term here is responsible for the lack of symmetry in 
the motion. If it were a cubic term as in the previous example the symmetry of 
motion about rp would still occur. The coefficient A in the force equation is the 
force constant in the discussion on crystals in Chapters 4 and 5 and leads 
directly to Young’s modulus. The coefficient B gives information on the 
coefficient of thermal expansion of the crystal. 


(Problems 11.4, 11.5) 
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Non-linear Effects in Electrical Devices 


A feature of the non-linearity in the mechanical devices discussed earlier was 
the introduction of harmonics of the fundamental frequency of the driving 
force. It is comparatively simple to avoid these effects of non-linearity in 
electronic systems by choosing a small linear portion of the operating charac- 
teristic and amplifying the response in stages. In an electromechanical device 
such as a piezoelectric crystal linearity is again achieved by restricting all 
oscillations to small amplitudes and amplifying the response. In electroacoustic 
devices such as microphones and loudspeakers the introduction of harmonics 
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Fig. 11.5. A pure sinusoidal wave input to an 

electro-acoustical device such as a loudspeaker will 

lead to distorted sound output if the cone suspen- 
sion has a non-linear stiffness at high amplitudes 


often leads to severe distortion. In the loudspeaker of fig. 11.5 even if a pure 
sinusoidal wave is delivered to the speech coil it is difficult to provide a 
mechanical suspension for the cone which has a linear response. The cone acts 
as a piston radiating acoustic power, and limitation of amplitude together with 
inevitable mismatching of acoustic impedances reduces the efficiency of trans- 
forming electrical into acoustic power to less than 10%. Fortunately the ear isa 
sensitive device. 

Non-linear electrical oscillators are, however, often used, and fig. 11.6a 
shows a ‘relaxation oscillator’ circuit where a capacitance is discharged very 
rapidly through a gaseous conductor such as a hydrogen tube. E is the constant 
charging potential and i is the instantaneous value of the current which charges 
the capacitor through the resistor R to a potential V,, the striking potential, at 
which the gas in the tube is ionized. The tube becomes highly conducting and 
discharges the capacitance in a negligibly short time to V,, the extinction 
potential, at which the tube ceases to conduct. The capacitance charges again to 
V, and the cycle is repeated. The variation of voltage across the capacitance 
with time is shown in fig. 11.6b. Assume that at point A and time ¢ the 
capacitance has just discharged. If current i is flowing at time ¢ = 0 then 


V, =E-ipRe "*° 
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Fig. 11.6. Electrical circuit of a non-linear ‘relaxa- 
tion oscillator’. A capacitance C is charged through 
a resistance R to a potential V,< FE, at which the 
gas-filled valve strikes and rapidly discharges the 
condenser to an-extinction potential V., when the 
valve ceases to conduct and the cycle is repeated 


The capacitance charges to the potential V, in a time 7 so that 


VS Fyre ere 
3s 


giving 
V = V a ioR fe MBG sere 
oo 
giving 
—7/RC E = V. 
| ee oF 
or 


EY, 
RCllos. = 7) | 
The period of oscillation is therefore directly proportional to the charging time 
constant RC. 

A more sophisticated circuit produces a linear charging system with a very 
short discharge time so that the exponential voltage output becomes linear and 
gives a ‘sawtooth’ waveform. From Chapter 9 we know that this periodic 
function contains many harmonics. A sawtooth voltage output applied to the 
time base of an oscilloscope produces a linear sweep of the spot across the tube. 
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Non-linear Effects in Acoustic Waves 


The linearity of the longitudinal acoustic waves discussed in Chapter 5 required 
the assumption of a constant bulk modulus 


dP 


— 


—dV/V" 


If the amplitude of the sound wave is too large this assumption is no longer valid 
and the wave propagation assumes a new form. A given mass of gas undergoing 
an adiabatic change obeys the relation 


--(%)'-[Faeal 


in the notation of Chapter 5, so that 


oP _ op —( won 
—=—=-—yP,(1+8) "= 
OX! 2X yPol ) ax? 
since 6 = 07/0x. 
Since (1+ 6)(1+s)=1, we may write 
Op “dn 
—=-—yP,(1+s)”" => 
ax yPo(1+s) ax? 


and from Newton’s second law we have 


Re 
a7 SE 
so that 
an - non 2 YPo 
—==co(1+s)”" —s, where co=— 
ot Ox Po 


Physically this implies that the local velocity of sound, eg(1 +s)", 


depends upon the condensation s, so that in a finite amplitude sound wave 
regions of higher density and pressure will have a greater sound velocity, and 
local disturbances in these parts of the wave will overtake those where the 
values of density pressure and temperature are lower. 

A single sine wave of high amplitude can be formed by a close fitting piston in 
a tube which is pushed forward rapidly and then returned to its. original 
position. Fig. 11.7a shows the original shape of such a wave and 11.7b shows 
the distortion which follows as it propagates down the tube. If the distortion 
continued the wave form would eventually appear as in fig. 11.7c, where 
analytical solutions for pressure, density and temperature would be mul- 
tivalued, as in the case of the non-linear oscillator of fig. 11.3c. Before this 
situation is reached, however, the wave form stabilizes into that of fig. 11.7d, 
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ie 
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Fig. 11.7. The local sound velocity in a high amplitude acoustic 

wave (a) is pressure and density dependent. The wave distorts 

with time (b) as the crest overtakes the lower density regions. The 

extreme situation of (c) is prevented by entropy-producing 

mechanisms and the wave stabilises to an N type shock-wave (d) 
with a sharp leading edge 


where at the vertical ‘shock front’ the rapid changes of particle density, velocity 
and temperature produce the dissipating processes of diffusion, viscosity and 
thermal conductivity. The velocity of this ‘shock front’ is always greater than 
the velocity of sound in the gas into which it is moving, and across the ‘shock 
front’ there is always an increase in entropy. The competing effects of dissipa- 
tion and non-linearity produce a stable front as long as the wave retains 
sufficient energy. The N-type wave of fig. 11.7d occurs naturally in explosions 
(in spherical dimensions) where a blast is often followed by a rarefaction. 
The growth of a shock front may also be seen as an extension of the Doppler 
effect (page 135), where the velocity of the moving source is now greater than 
that of the signal. In fig. 11.8a as an aircraft moves from S to S’ ina time f¢ the air 
around it is displaced and the disturbance moves away with the local velocity of 
sound us. The circles show the positions at time t of the sound wave fronts 
generated at various points along the path of the aircraft but if the speed of the 
aircraft u is greater than the velocity of sound vs regions of high density and 
pressure will develop, notably at the edges of the aircraft structure and along 
the conical surface tangent to the successive wave fronts which are generated at 
a speed greater than sound and which build up to a high amplitude to form a 
shock. The cone, whose axis is the aircraft path, has a half angle a where 


: Us 
gS ge «ie ae aed 
Uu 


It is known as the ‘Mach Cone’ and when it reaches the ground a ‘supersonic 
bang’ is heard. 

The growth of the shock at the surface of the cone may be seen by 
considering the sound waves in fig. 11.8b generated at points A (time ta) and B 
(time tz) along the path of the aircraft, which travels the distance AB = x = uAt 
in the time interval At=tg—ta. The sound waves from A will travel the 
distance rg to reach the point P at a time 


r 
i, # te + 
Us 
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Fig. 11.8. (a) The circles are the wave fronts generated at 

points S along the path of the aircraft, velocity u>v, the 

velocity of sound. Wave fronts superpose on the surface of the 

Mach Cone (typical point P) of half angle a = sin’ v,/u to 

form a shock front. (b) At point P sound waves arrive simul- 

taneously from positions A and B along the aircraft path when 
(u/v,) cos 9 =1. (8 +a =90°) 


Those from B will travel the distance r, to P to arrive at a time 


ry 
ty = lp —— 
Us 
If x is small relative to ro and r,, we see that 
ri —to =X COS 90 = uAt cos 0 
so the time interval 


(r; — 1) 


Us 


ty} —to=ta-—tat 


uAt cos 6 | 


a 1— cos =) 


Us 


= At 


Us 


For the aircraft speed u< vs, t;— to is always positive and the sound waves 
arrive at P in the order in which they were generated. 
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For u > vs this time sequence depends on 6 and when 


u 
—cos @=1 
Us 
t; = t) and the sound waves arrive simultaneously at P to build up a shock. 
Now the angles 6 and a@ are complementary so the condition 


Us 
cos @ =— 
u 


defines 
; _Us 
sina =— 
u 


so that all points P lie on the surface of the Mach Cone. 

A similar situation may arise when a charged particle q emitting electro- 
magnetic waves moves in a medium of refractive index greater than unity with a 
velocity v, which may be greater than that of the phase velocity v of the 
electromagnetic waves in the medium (v <c). A Mach Cone for electromag- 
netic waves is formed with a half angle a where 


v 
sin a =— 
Ug 

and the resulting ‘shock wave’ is called Cerenkov radiation. Measuring the 

effective direction of propagation of the Cerenkov radiation is one way of 
finding the velocity of the charged particle. 


Shock Front Thickness 


The extent of the region over which the gas properties change, the shock front 
thickness, may be only a few mean free paths in a monatomic gas because only a 
few collisions between atoms are necessary to exchange the energy required to 
raise them from the equilibrium conditions ahead of the shock to those behind 
it. In a polyatomic gas the collisions are effective in producing a rapid increase 
in translational and rotational mode energies, but vibrational modes take much 
longer to reach their new equilibrium, so that the shock front thickness is very 
much greater. 

Within the shock front thickness the state of the gas is not easily found, but 
the state of the gas on one side of the shock may be calculated from the state of 
the gas on the other side by means of the conservation equations of mass, 
momentum and energy. 


Equations of Conservation 


In a laboratory, shock waves are produced in a tube which is divided by a 
diaphragm into a short high-pressure section and a much longer low-pressure 
section. When the diaphragm bursts the expanding high pressure gas behaves 


Non-linear Oscillations 371 


4 
Ls-Shock front velocity u, 
= 


| 
ehbserver on shock front 


Shocked gas 


Pressure 


Unshocked 
gas at rest 


Relative velocity 


=U,-U 


Fig. 11.9. The pressure ‘step profile’ of a shock 
wave developed in a shock tube is shown by the 
dotted line. The plane cross-sections at A and B 
remain fixed with respect to the observer O 
moving with the shock front at velocity u; into 
unshocked gas at rest of pressure p, and density 
(:. The shocked gas has a pressure p>, a density 
p> and a velocity u, with a relative velocity 
U> = u, — u with respect to the shock front. The 
states of the gas at A and B are related by the 
conservation equations of mass, momentum 
and energy across the shock front. Experimen- 
tal measurement of the shock velocity wu, is 
sufficient to determine the unknown parameters 
if the stationary gas parameters are known 


as a very fast low-interia piston which compresses the low pressure gas on the 
other side of the diaphragm and drives a shock wave down the tube. The profile 
of this shock wave is the step function shown as the dotted line in fig. 11.9, and 
the gas into which the shock is propagating is considered to be at rest. This 
simplifies the analysis, for we can consider the situation in fig. 11,9 as it appears 
to an observer O travelling with the shock front velocity u, into the stationary 
gas. The shock front is located within the region bounded by the surfaces A and 
B of unit area, each of which remains fixed with respect to the observer. The 
stationary gas which moves through the shock front from surface B acquires a 
flow velocity u<u, and a velocity relative to the shock front of u2=u,—u. 
From the observer’s viewpoint the quantity of gas flowing into unit area of the 
region AB per unit time is p,U,, where p; is the density of the gas ahead of the 
shock. The quantity leaving unit area of AB per unit time is p2 (u,—U) = poUd, 
where pz is the density of the shocked gas. ’ 
Conservation of mass yields p;u; = p2U2 = m (aconstant mass). The force per 
unit area acting across the region AB is p2— pi, which equals the rate of change 
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of momentum of the gas within the unit element, which is m(u;—u>). The 
conservation of momentum is therefore given by 


2 2 
Pit piu = prot p2uy. 


The work done on unit area of the region per unit time is p,;u; — p2U>, and this 
equals the rate of increase of the kinetic and internal energy of the gas passing 
through unit area of the shock wave. 

The difference 


Diy — Ppt) = m— 2m 


P1 P2 
so that if the internal energy per unit mass of the gas is written e(p, p), then the 
equation of conservation of energy per unit mass becomes 


sui Piper 2 Pe Were 2 


Pi P2 
where for an ideal gas p/p = RT and e=c,T=(1/y—1)p/p, where T is the 
absolute temperature, c, is the specific heat per gram at constant volume and 
Y =c,/Cy, where c, is the specific heat per gram at constant pressure. 
These three conservation equations 


piu; =p2u2=mM (mass) 
Pit pi ui = Pp2+ p2U5 (momentum) 
and 
3} tet =hu 3+ ent (energy) 
P1 P2 


together with the internal energy relation e(p, p) completely define the proper- 
ties of an ideal gas behind a shock wave in terms of the stationary gas ahead 
of it. 

In an experiment the properties of the gas ahead of the shock are usually 
known, leaving five unknowns in the four equations, which are the shock front 
velocity u,, the density of the shocked gas pz, the relative flow velocity behind 
the shock u2, the shocked gas pressure p> and its internal energy é>. In practice 
the shock front velocity u; is measured and the other four properties may then 
be calculated. 


Mach Number 


A significant parameter in shock wave theory is the Mach number. It is a local 
parameter defined as the ratio of the flow velocity to the local velocity of sound. 
The Mach number of the shock front is therefore M, = u;/c,, where u, is the 
velocity of the shock front propagating into a gas whose velocity of sound is c}. 
The Mach number of the gas flow behind the shock front is defined as 
M; = u/c2, where u is the flow velocity of the gas behind the shock front 
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(u <u,) and cz is the local velocity of sound behind the shock front. There is 
always an increase of temperature across the shock front, so that c.>c , and 
M, > M;. The physical significance of the Mach number is seen by writing 
M?*= u>/ c*, which indicates the ratio of the kinetic flow energy, sue per mole, 
to the thermal energy, c’ = y RT per mole. The higher the proportion of the 
total gas energy to be found as kinetic energy of flow the greater is the Mach 
number. 


Ratios of Gas Properties Across a Shock Front 


A shock wave may be defined in terms of the shock Mach number M,, the 
density or compression ratio across the shock front B = p2/p,, the temperature 
ratio across the shock T,/7T, and the compression ratio or shock strength 
y = p2/p1- 

Given the shock strength, y = p2/p,, the conservation equations are easily 
solved to yield 


=H ( _— 


a gas (1+a) 
where 
y= 1 
it 
ie 
gates aty 
pi Atay 
and 
te (2) 
T; aty 


Alternatively these may be written in terms of the experimentally measured 
parameter M, as 


2 y= M1 ta)—a 
P1 

Praga Ms 

P1 l-ataM- 


and | 

Tz _[a(M5—1)+M;]la(M5—1)+1] 

T; M. 
For weak shocks (where p2/p, is just greater than 1) B, T>/T, and M, are also 
just greater than unity, and the shock wave moves with the speed of sound. 


Strong Shocks 


The ratio p2/p,; > 1 defines a strong shock, in which case 


(y+1) 
oy 


M; 
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and 
_ P2 (2 - -) 
aS ee 
a limit of 6 for air and 4 for a monatomic gas for a constant y. The flow velocity 
u=U,—U2 = 
(y+1) 


and the temperature ratio 


The temperature increase across strong shocks is of great experimental inter- 
est. The physical reason for this 1 increase ‘may be seen by rewriting the equation 
of energy conservation as sui t+h,=3u5+h, where h=(e+p/p) is the total 
heat energy or enthalpy per unit mass. For strong shocks hz >h, of the cold 
stationary gas and u; > U2, so that the energy equation reduces to h, = su, 
which states that the relative kinetic energy of a stationary gas element just 
ahead of the shock front is converted into thermal energy when the shock wave 
moves over that element. The energy of the gas which has been subjected to a 
very strong shock wave is almost equally divided between its kinetic energy and 
its thermal or internal energy. This may be shown by considering the initial 
values of the internal energy e, and pressure p, of the cold stationary gas to be 
negligible quantities in the conservation equations, giving the kinetic energy 
per unit mass behind the shock as 


y 


Ds 1 2 
u~ =3(U,— U2) =e2 


Nie 


the internal energy per unit mass of the shocked gas. 

In principle, the temperature behind very strong shock waves should reach 
millions of degrees. In practice, real gas effects prevent this. In a monatomic gas 
high translational energies increase the temperature until ionization occurs and 
this process then absorbs energy which otherwise would increase the tempera- 
ture still further. In a polyatomic gas the total energy is divided amongst the 
various modes (translational, rotational and vibrational) and the temperatures 
reached are much lower than in the case of the monatomic gas. The reduction 
of y due to these processes is significant, since with increasing ionization y > 1, 
and the temperature ratio depends upon the factor (y— 1)/(y+1) which 
becomes very small. 


(Problems 11.6, 11.7, 11.8, 11.9, 11.10, 11.11) 


SS 


Problem 11.1 


If the period of a pendulum with large amplitude oscillations is given by 


A 
Tx To( 1+ 4 sin? 4 
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where Ty is the period for small amplitude oscillations and 4 is the oscillation 
amplitude, show that for @) not exceeding 30°, T and Ty differ by only 2% and for 
6) = 90° the difference is 18%. 


Problem 11.2 


The equation of motion of a free undamped non-linear oscillator is given by 
mx = —f(x) 


Show that for an amplitude Xp its period 


m{ *° dx — = 
To= olf [F(,) — Fy] where F(x) = | f(x) dx 


Problem 11.3 
The equation of motion of a forced undamped non-linear oscillator of unit mass is given 
by 


X+5(x)= Fo cos wt 


Writing s(x) = s,x +53x°, where s, and s; are constant, choose the variable wt = @, and 
for s;« s, assume a solution 


co 


x= y (<, cos +b, sin=4) 


n=1 


to show that all the sine terms and the even numbered cosine terms are zero, leaving the 
fundamental frequency term and its third harmonic as the significant terms in the 
solution. 

Problem 11.4 


If the mutual interionic potential in a crystal is given by 


vow) 


where rg is the equilibrium value of the ion separation r, show by expanding V about Vo 
that the ions have small harmonic oscillations at a frequency given by w7~72 V,/mro, 
where m is the reduced mass. 


Problem 11.5 
The potential energy of an oscillator is given by 


V(x) =4kx?—4ax° 


where a is positive and «k. 
Assume a solution x = A cos wt+ B sin 2wt + x, to show that this is a good approxi- 
mation at w= w?=k/m if x, =aA?/2w¢ and B =—aA7/6w6, where a = a/m. 


Problem 11.6 


The properties of a stationary gas at temperature Ty in a large reservoir are defined by 
Co, the velocity of sound, hy = c,To, the enthalpy per unit mass, and y, the constant value 
of the specific heat ratio. Ifa ruptured diaphragm allows the gas to flow along a tube with 
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velocity u, use the equation of conservation of energy to prove that 
es Se. 25 1 
¥1 ae 


where c* is the velocity at which the flow velocity equals the local sound velocity. 
Hence show that if u,/c* = M* and u,/c, = M,, then 


v2 (V+ D)My 
(y—1)M¢+2 


2 
c* 


Problem 11.7 


Using a coordinate system which moves with a shock front of velocity u,, show from the 
conservation equations that c* in problem 11.6 is given by 


c= um 
where u, is the relative flow velocity behind the shock front. 


Problem 11.8 
Use the conservation equations to prove that the pressure ratio across a shock front ina 
- gas of constant y is given by 
RE aa 
Pi 1—-Ba 
where B = p,/p,, the density ratio, and a =(y—1)/(y+1). 


Problem 11.9 


Use the results of problems 11.6 and 11.7 with the equation of momentum conservation 
to prove that the shock front Mach number is given by 


u +e 
M,=—= y 
Ci l+a 


where y = p,/p,, the pressure ratio across the shock and a = y—1/y+1. Hence show 
that the flow velocity behind the shock is given by 


s c,(1 —a)(y =|) 
V(1+a)(y+a) 
Problem 11.10 


The diagrams (p.377) show (a) a shock wave of pressure p, and flow velocity u 
propagating into a stationary gas, pressure p,, and (b) after reflexion at a rigid wall the 
reflected wave of pressure p, moving back into the gas behind the incident shock still at 
pressure p>. Use the result at the end of problem 11.9 to show that the flow velocity u, 
behind the reflected wave is given by 


u,__(1-a)(p3/po-1) 
C2 v(1 + a)(p3/p2+ a) 


and since u+u,=O at the rigid wall, use this result together with the ratio for 
c,/c, =(T,/T;)'”” to prove that 


p3_ (2at+l)y—a 
P2 ay+1 
where y = p,/p, and a =(y—1)/(y +1). 
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Problem 11.11 

Use problems 11.10 to prove that the ratio 
= eee 
P2— Pi a 


in the limit of very strong shocks. (Note that this value is 8 for y = 1-4 and 6 for y = 5/3, 
compared with the normal acoustic pressure jump of 2 upon reflexion.) 


(a) (b) 


Chapter 12 


Wave Mechanics 


The wave mechanics of Schrédinger (1926) and the equivalent matrix formula- 
tion by Heisenberg (1926) are the basis of what is known as ‘modern physics’. 
Without exception they have been successful in replacing or including classical 
mechanics over the whole range of physics at atomic and molecular levels; 
these in turn govern the larger scale macroscopic properties. Very high energy 
phenomena in the physics of elementary particles still, however, present many 
problems. 

In this chapter we shall be concerned only with Schrédinger’s wave 
mechanics and in the way it displays the dual wave-particle nature of matter. 
This dual nature was first established for electromagnetic radiation but the 
parallel attempt to establish the wave nature of material particles is the basic 
history of 20th century physics. 


Origins of Modern Quantum Theory 


In the 19th century interference and diffraction experiments together with 
classical electromagnetic theory had confirmed the wave nature of light beyond 
all doubt but in 1901, in order to explain the experimental curves of black body 
radiation, Planck postulated that electromagnetic oscillators of frequency v 
had discrete energies nhv where n was an integer and h was a constant (page 
232). A quarter of a century was to elapse before this was formally derived 
from the new quantum mechanics. 

X-rays had been found by Roentgen in 1895, their wave-like properties were 
displayed by the diffraction experiments of von Laue in 1912, and their 
electromagnetic nature was soon proved. A much longer time was required to 
reconcile a wave nature with the negatively charged particles which J. J. 
Thomson found in his cathode ray experiments of 1897. It was not until 1927 
that interference effects from reflected or scattered electrons were obtained by 
Davisson and Germer whilst in 1928 G. P. Thomson (the son of J.J.) produced 
concentric ring diffraction patterns by firing electrons through a thin foil. 

In the meantime, in 1906, Einstein had used Planck’s idea to explain the 
photoelectric effect where light falling on a given surface caused electrons to be 
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ejected. Einstein considered the light beam as a stream of individual photons, 
or quanta of light, each of energy hv. Collisions between these quanta and 
electrons in the target material gave the electrons sufficient energy to escape. 

In 1912 the alpha particle scattering experiments of Rutherford led to his 
proposal that the atom consisted of a small positively charged nucleus sur- 
rounded by enough negative electrons to leave the atom electrically neutral. 
This atom was the model used by Bohr and Sommerfeld in their ‘old quantum 
theory’, a mixture of classical mechanics and quantum postulates, attempting 
to explain, amongst other things, the regularity of spectroscopic series from 
radiating atoms. Electrons were required to orbit the nucleus at definite energy 
levels (like planets round the Sun), and radiation at a fixed frequency v was 
given out when an electron moved from a higher to a lower energy orbit with an 
energy difference AE = hv. These orbits were required to be stable or ‘statio- 
nary’ orbits with quantized, that is, allowed values of energy and angular 
momentum. The fact that classical electromagnetic theory had shown that an 
accelerating charge (electron in an orbit) was itself a source of radiation 
remained an unresolved difficulty. 

By 1920 Einstein had provided two of the vital tools necessary for further 
progress (a) that a quantum of radiation has energy E= hv, and (b) that a 
particle of momentum p= mv and rest mass mo has a relativistic energy E 
where E* = pc +(moc?)’. 

This relation established the equivalence of matter and energy; a stationary 
particle v = 0 has an energy E = moc’ where c is the velocity of light. 

The time was now ripe for the final steps leading to the modern quantum 
theory. The first of these was provided by Compton (1922-23) and the second 
by de Broglie in 1924. 

Compton fired X-rays of a known frequency at a thin foil and observed that 
the frequency v of the scattered radiation was independent of the foil material. 
This implied that the scattering was the result of collisions between X-ray 
quanta of energy hv and the electrons in the target material. In addition to 
scattering at the incident frequency a lower frequency of scattered radiation 
was always found which depended only on the mass of the scattering particles 
(electrons) and the angle of scattering. Compton showed that these results were 
consistent if momentum and energy were conserved in an elastic collision 
between two ‘particles’, the electron and an X-ray of energy hv, a rest mass 
Mo = 0 and (from Einstein’s relativistic energy equation), a momentum 


_f tr _f 
P St - A 


where c = vA. 

De Broglie in 1924 proposed that, if the dual wave-particle nature of 
electromagnetic fields required a particle momentum of p = h/X it was possible 
that a wavelength A of a ‘matter’ field could be associated with any particle of 
momentum p = mv to give the relation p = h/A. His argument was as follows. 
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If the phase velocity of such a ‘matter’ wave obeys the usual relation 
Up = vA 


where v is the frequency, the assumption that any particle has a momentum 
p=h/d together with Einstein’s expression E = hv yields v, = E/p. 

The theory of relativity gives, for a particle of rest mass mg and velocity v an 
energy E= mc’ and a momentum p= mv, where 


v a3 f2 
m= mo( 1 obs) 
£ 


is the particle mass at velocity v. For such a particle the phase velocity 


that is, 


(an expression we met earlier for the wave guides of page 225). 
This gives a phase velocity v, >c for a particle velocity v <c. However, the 
energy in the de Broglie wave (or particle) travels with the group velocity 
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Such a particle with relativistic energy E where 
EB? = pc? + (moe 


has 


Or 
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so that the group velocity of the de Broglie matter wave corresponds to the particle 
velocity v. 

Even the ‘old quantum theory’ of Bohr-Sommerfeld gained something from 
de Broglie’s hypothesis. Their postulate that the angular momentum of statio- 
nary orbits was restricted to integral (quantum) numbers of the unit angular 
momentum h was shown, for the circular orbit of radius r, to yield 


2arp=nh 
or 
2ar = = = nd 
p 


so that the circumference of a stationary orbit was a standing wave system and 
contained an integral number n of A, the de Broglie wavelength. 

Within three years, however, such quantum numbers ceased to be assump- 
tions. They were the natural outcome of the new quantum theory of 
Schrodinger and Heisenberg. 


Heisenberg’s Uncertainty Principle 


Although, as we shall see, Schrédinger’s equation takes the form of a standing 
wave equation, the fitting of an integral number of de Broglie standing waves 
around a Bohr orbit presents a fundamental difficulty. The azimuthal symmetry 
of such a pattern, fig. 12.1, representing an electron in an orbit, does not allow 
the exact position of the electron to be specified at a particular time. This 


Fig. 12.1. Integral number of de Brog- 
lie standing waves A=h/p around a 
circular Bohr orbit does not allow the 
exact position of the electron to be 
specified at a particular time 
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dilemma was resolved by Heisenberg on the basis of the bandwidth theorem we 
first met on page 126. 

There, a group of waves with a group velocity v, and a frequency range Av 
superposed effectively only for a time At where 


Av At~1 


Similarly, a group in the wave number range Ak superposed in space Over a 
distance Ax where 


Ax Ak =27 


But the velocity of the de Broglie matter wave is essentially a group velocity 
with a momentum 


a 
te eee ok ee 
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where 
h 
=a 
SO 
Ap =h Ak 
and the bandwidth theorem becomes Heisenberg’s Uncertainty Principle 
Ax Ap=h 
Since 
E=hv= wo =hw 
it follows that 
ae AE At=h 
V 
and 
AE =h Aw 


are also expressions of Heisenberg’s Uncertainty Principle. 

This relation sets a fundamental limit on the ultimate precision with which 
we can know the position x of a particle and the x component of its momentum. 
If fig. 12.2 shows a wave group representing the particle, the range Ax shows 
the uncertainty of the position of the particle, the range of space over which it 
could be found, with the probability of its being at a particular place given by 
the square of the wave amplitude of that position. The relation 


Ax Ap=h 
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means that the velocity of the particle (p = mv) is also uncertain, the more 
accurate the knowledge of the particle position, the less certain that of the value 


ee ee 


Same group 
ofter time t 


Wave group 


Fig. 12.2. A wave group representing a particle showing ’ 

dispersion after time t. The square of the wave amplitude at $4 as > 

any point represents the probability of the particle being in AKLOM ° 

that position, and the dispersion represents the increasing 

uncertainty of the particle position with time (Heisenberg’s 
Uncertainty Principle) 


of its velocity. If the particle is ‘observed’ at some later time, dispersion of the 
group will have increased the range Ax and decreased the amplitude. The 
uncertainty of the position has increased and the probability of its being at any 
one place has become less. But this is because of the original uncertainty of its 
velocity, through Ap, which makes an accurate forecast of its position after time 
t even more unlikely. An example of the relation 


AE At=h 


may be found in considering the time spent by an electron in an atomic orbit. In 
a stable orbit this time At is long and the energy uncertainty AE is small so the 
energy levels of stable orbits are well defined. When an electron changes 
energy levels and radiation is emitted the time in the orbit may be short and the 
energy levels ill defined so that the term AE contributes to the breadth of a 
spectral line. 


(Problems 12.1, 12.2, 12.3, 12.4, 12.5, 12.6, 12.7, 12.8, 12.9, 12.10) 


Schrodinger’s Wave Equation 


The old quantum theory had sought to establish rules for the existence of 
discrete frequencies and energy levels. An integral number of de Broglie half 
wavelengths could be fitted around a circular Bohr orbit. Both of these facts are 
consistent with the classical standing wave systems we examined in Chapters 4 
and 8 when waves travelling between rigid boundaries were perfectly reflected. 
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In Chapter 4 we saw that the transverse displacement y(xt) of a string of 
length / with both ends fixed obeys the wave equation 


where v, is the wave velocity. 
The x and t dependence could be separated in the solution for standing 
waves to give 


~ DrX . 
y(x, t)= A sin — sin w,t 
Up 
where n could take the integral values n= 1, 2,3, etc. to give the discrete 
eigenfrequencies. 


The solution y(x, t) corresponding to a given w,, is called an eigenfunction or a 
wave function. 

In developing the Schrodinger wave equation which applies to particle 
behaviour we use arguments below which in no way constitute a proof because 
wave mechanics cannot be derived from classical mechanics. Wave mechanics 
is based on certain postulates the validity of which can be confirmed only by 
the accuracy of the predicted results. 

From the preceding sections we have the representation of a particle as a 
matter wave with energy E =hw momentum p= Ahk and velocity v, = dw/dk. 

Wave mechanics uses the notation 


W(x t) nies Wo ge aE _ Wo ae 
’ 


to define the amplitude of a matter wave at a point x at time ¢. The physical 
significance of V is amplified on page 388 but for the moment we note the 
reversed sign of the exponential index which follows the convention used in 
all books on Quantum Mechanics. This merely introduces a 7 radians phase 
difference from the notation consistently used in the earlier chapters of this 
book but the new convention will be used throughout this chapter to avoid 
confusion with other texts and attention will be carefully drawn to any possible 
ambiguity. 

In classical mechanics the total energy FE of a particle of mass m and 
momentum p in a conservative field of potential V is given by 


E= p’/2m+V 
Differentiating V(x, t) gives 


2 p° 


“V(x, 1)= 2, 1) 
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and inserting this value of p’ in the classical energy equation above gives 


h a 
_.- i O+(E — VV, |) =0 
If we now express V(x, t)=u(x)e we may cancel the common e 
factor from the equation above to obtain the time independent Schrodinger 
wave equation 
b> 9 
oe) te - V)b(x) = 0 


This time independent wave equation will give states of constant frequency 
that is, of constant energy, and these are the only states we shall consider in 
this book. 

Note that this equation has the same form as the standing wave equation 
we first met on page 118. 

States which are not of constant energy require the time dependence to be 
retained in Schrédinger’s equation. We do this by using the fact that 


0 —if 
an t)= | ¥% t) 


and inserting this value of E in the classical energy equation. This gives the 
time dependent Schrodinger wave equation 
—h x 


ie 
mas ee << = ih;— : 
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One dimensional Infinite Potential Well 


Consider as a first example the case of a particle constrained to move in a region 
between x =0 and x =a where the potential V=0. At x =0 and x =a the 
potential walls are infinitely high as shown in fig. 12.3. This is an idealized form 
of the potential seen by an electron in the low energy levels near the nucleus of 
an atom. 

Since V(x) =0 for 0<x <a Schrédinger’s equation becomes 


a y(x) | 2mE 
ax? h? 


~=0 
which may be written, as on page 118, in the form 


Zz 
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Ox 


386 The Physics of Vibrations and Waves 
V (x) 


x =O X=zd 


Fig. 12.3. An infinitely deep potential well showing allowed 
energy levels E,, for a particle constrained to move within it 
with wave function w,, = A sin k,x where k2=2mE/h’ and m 


is the particle mass 
with 
2mE 
k= = 


The boundary conditions are that w(x)=0 at x =0 and x=a where V(x) 
becomes infinite, whilst the other terms in the equation remain finite. The 
particle must lie within the well and classically, whatever the value of its energy 
E it will rebound elastically off the potential ‘walls’. When moving to the right 
the particle behaviour may be represented by a wave function of the form e*"* 
which satisfies Schrodinger’s equation, and when moving to the left by a wave 
function of the form 
grttx 

But, as with the waves on the string, perfect reflection which reverses the 
amplitude allows u,,(x), the solution of Schrédinger’s equation, to represent a 
standing wave system at w,; expressed in the form 


Urn (x) =C Pee <4 = 


=A sin k,x 
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where 

Cc 

21 

The boundary condition ws, (x) = 0 at x = a gives k,a = nw for n = 1, 2, 3, etc. 


i.e. k,, =na/a. 
Hence 


giving energy eigenvalues 
© oe Se 
noah 


2 
a“2m 


n 


Thus we see that discrete energy values governed by the quantum number n 
arise naturally from the application of boundary conditions to the wave 
function solutions of Schrodinger’s equation. Values of the particle momentum 
are also quantized since 


h nth 


It is evident that, in an infinite potential well, an electron or particle cannot 
have an arbitrary energy but must take only the quantized values E,,. This 
restriction will hold whenever Schr6dinger’s equation is solved for a potential 
V(x) which imposes boundary conditions constraining the particle to move in a 
limited region. 

The wave functions w(x) for n = 1, 2, 3 are plotted in fig. 12.4 showing them 
to be identical with the allowed amplitude functions for standing waves on a 
vibrating string with fixed ends. Note that the interval between allowed energy 
states decreases as either the mass of the particle or the dimensions of the 
potential box increase relative to h. For particles of large mass and systems of 
large dimensions the allowed energy states form, for all practical purposes, a 
continuum and are no longer quantized. Thus, in passing from atomic to much 
larger dimensions the results of quantum mechanics approach those of classical 
physics. 

We see that the minimum value of the energy of the particle in the potential 
well is not zero but , 


22 
h* wr 


a 2 
2ma 
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This minimum energy is related to Heisenberg’s Uncertainty Principle 


Ax Ap=h 
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#=5 x=@a x=0 x=@a 


Fig. 12.4. Wave functions w,,(x) and probability densities 
\/,(x)|’ for the first three allowed energy levels in an 
infinitely deep potential well of width a 


The uncertainty in the position of the particle is obviously Ax =a and the 
particle momentum p may be in either the +ve or —ve x direction giving an 
uncertainty 


Ap = 2p 
Thus 
Ax Ap=a.2p=h 
or 
h 
Pa 


Now, for V(x) =0 


ce 
~ 


This is an example of the so-called zero point energy. We shall meet others. 
(Problem 12.11) 


Significance of the Amplitude y,(x) of the Wave Function 


In fig. 12.4 the amplitude w,,(x) of the wave function is plotted for the values 
n= 1, 2,3 together with the values 


win (x)? 


Wave Mechanics 389 


In the waves we have met so far, the amplitude, or rather the amplitude 
squared, has been a measure of the intensity of the wave. At a position of high 
amplitude, the wave was more intense—more energy was localized there. Here 
we have expressed the motion of a particle confined to a small region of space in 
terms of its associated matter wave. The amplitude of the wave function (x) 
varies from point to point within the small region in which the particle is to be 
found. Outside the infinite well y(x) is zero. The intensity of the matter wave is 
written 


lex)? = WF (x) p(x) 


where the complex conjugate *(x) indicates that w(x) may sometimes be 
complex. Since the matter field describes the motion of the particle we may say 
that the regions of space in which the particle is more likely to be found are 
those in which the intensity |y(x)|* is large, or, more formally 


‘the probability of finding the particle described by the wave function w(x) in 
the interval dx around the point x is |w(x)|* dx’. 


The probability per unit length of finding the particle at x is 


P(x) = |(x)/° 
In three dimensions a wave function would be of the form w(x, y, z) and the 
probability of finding the particle in the unit volume element surrounding the 
point xyz is 


P(xyz) = |W(xyz)/? 


The probability of finding the particle within a finite volume V is obviously 
Py=|_ Iw(xyz)P dx dy dz 
V 


Now the particle must always be somewhere in space so, in extending the 
integral over all space, the probability becomes a certainty, that is, it equals 
unity, or 


| |u(xyz)|? dx dy dz=1 
allspace 


This process of integrating over all possible locations to give unity is called 
normalization and it always imposes restrictions on the form of (x, y, z) which 
must tend to zero as x, y or z tends to infinity. 
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Normalization determines the value of the constant A in our wave function 


W,(x) =A sin te 


for the case of the infinite potential well. 
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(Problem 12.12) 


Particle in a Three-Dimensional Box 


Suppose the particle is confined to a rectangular volume abc at the bottom of an 
infinitely deep potential well (V =0) where a, b and c are the lengths of the 
sides of the rectangular box. 
The energy of the particle is then 
ys 
2 2 Z 
=+—=——(p,+py+ 
a aa OE eee 


where the momentum components are 
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and n;, n> and nz are integers. 
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The energy levels allowed in the box are therefore given by 
mh (ni n3 n3 
Bae (tpt) 
and solutions for the space part of the wave function may be written 


N,7X . N2WTyY . N37%Z 
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W(x, y,Z)=A sin 


in accordance with the three-dimensional normal mode solution of page 227. 
If the box is cubical so that a = b =c the allowed energy levels become 
242 242 
awh wh 
E>; (nj +nz+n3)=>— > 
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where k~ = nj +n5+n;3 with wave functions 


N,7X . N2WyY . N3%Z 
sin sh 


W(xyz)=A sin 


We saw, however, on page 229 that combinations of different n values can give 
the same k value, that is the same energy value. When nj, n2 and nz are 
permuted without changing the k value, the wave function is also changed so 
that a certain energy level may be associated with several different wave 
functions or dynamical states. The energy level is said to be degenerate, the 
order of degeneracy being defined by the number of different or independent 3 
wave functions associated with the given energy. 

In the case of the cubic potential box, the lowest energy level is 3F;, i.e. 


(n, =n2=n3= 1) 
where 
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The next energy level is given by 6F,, with a degeneracy of 3 where the n 
values are given by (2, 1, 1) (1,2, 1) and (1, 1, 2). Higher energy values with 
degeneracy orders are shown in Table 12.1 below. 


Table 12.1 
Energy Nn, N>, nz Combinations Degeneracy 
3E, G.4-)) 1 
6E, (2, i, 1) (1, 25 1) (1, 1, 2) 3 
9E, e2 ra 1) i. 2) aes 2) = 
11E, D4,-0,3,2 U4 3) 3 
12E, (2,2, 2) 1 
14F, i, 2, 3) CO, a 1) bas 3; 1) (1, 2 2) (2, 2; 3) (3, F 2) 6 
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Number of Energy States in Interval E to E+dE 


As long as the dimensions of the cubical box above are small the energy levels 
remain distinct. However, when the volume increases, as is the case for free 
electrons in a metal, successive energy levels become so close that an almost 
continuous spectrum is formed. _ 

If we wish to find how many energy levels may be contained in the small 
energy range dE when the potential box is very large, we have only to apply the 
result of page 231 where we found that the number of possible normal modes of 
oscillation per unit volume of an enclosure in the frequency range v to v + dp is 
given by 

se Any? dv 


dn 3 
c 


There, we stressed that the result was independent of any particular system and 
we applied it to Planck’s Radiation Law and Debye’s Theory of Specific Heats. 
Here we use it with 


2 
P _E_Ww 
E = hv and p i aa 
(so that 
dE = dp=hdv 
m 
and 
h dv 
ip= 
aa 


to give the number of states per unit volume in the energy interval dE as 


An(2m*)' 7B” 
h?> 
This may be applied directly to determine how free electrons in a metal may 
distribute themselves in a band of energies from zero to some value FE. Each 
energy level can accommodate two electrons (with opposing spins) according to 
Pauli’s Principle so the total number of electrons per unit volume in the energy 
range zero to E is 


dE 


2.42(2m?2)'” ¢* 
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where m, is the electron mass. 


Wave Mechanics 393 


If the metal is in its ground state the available electrons will occupy the lowest 
possible energy levels, and if the total number of electrons per unit volume no is 
less than the total number of energy levels in the band, then the electrons will 
occupy all energy states up to a maximum energy EF, called the Fermi Energy 
which is given by 


162(2m2)'V ER? 
23 Se a 


Typical values of E; are of the order of 5 electron volts (1 electron volt = 1-6 x 
10 '° Joules). 


(Problems 12.14, 12.15) 


The Potential Step 


The standing wave system of the infinite potential well where the wave function 


Wn (Xx) 


is finite in the region V(x) = 0 but zero at all other points is unique in the formal 
correspondence it presents between classical and quantum mechanical results. 
The quantum effects become evident when we consider the general case of the 
potential step of finite height V in fig. 12.5 which is an idealized form of the 
very steep potential gradient of a conservative force 


Such a potential step would be seen by a free electron near the surface of a 
metal. 
It is necessary to consider separately the two cases where the total particle 
energy E is (a) less than the potential energy V, and (b) greater than V, where 
2 


E=£+VX(x) 
2m 
(a) E< V 
When E is less than V, the region x > 0 of fig. 12.5 is forbidden to the particle 
by classical mechanics for the kinetic energy 


2m 


would then have a negative value. 

In finding the complete solution for (x) for the potential step we must solve 
Schrédinger’s equation for the separate regions of fig. 12.5, x < 0 (region 1) and 
x >0 (region 2). 
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V (x)= V 
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x =O 
Fig. 12.5. Wave functions (x) and w(x) for a particle mass m, energy 
E< Vatapotential step V(x) = V 
In region 1, V(x) =0 and we have 
awh, (x) _ 2mE 
ax” h? 


Wi(x)=0 


with a solution 


wsi(x) =A eikix +B a 


where 
2mE 
k= }? 
The term A e“* (with the sign convention of this chapter) is the wave 


representation of an incident particle moving to the right, and B e “"* repre- 
sents a reflected particle moving to the left. 


In region 2, V(x) = V and Schrodinger’s equation becomes 
0 a(x) ee V) 


— r(x) =0 
or 
2 
ae a(x) =0 
where 
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This equation has the solution 
dolxy= Ce" +De" 


Now the probability of finding the particle in region 2 where it Is classically 
forbidden depends on the square of the wave function amplitude |W(x)|° with 
the condition that for any wave function to be normalized (i.e. for 


| Wala) dx = 1) 


the wave function W(x) > 0 as x > ©. 
This forbids the second term D e™ which increases with x but still leaves 


W(x) =C - 


to give a finite probability of finding the particle beyond the potential step, a 
probability which decreases exponentially with distance. This is a profound 
departure from classical behaviour. 

At the boundary x =0, w(x) must be finite to give a finite probability of 
finding the particle there, but there is a finite discontinuity in V(x). In these 
circumstances Schrédinger’s equation asserts that the second derivative 


a” p(x) 
ax 


at x = Ois finite, which means that both w(x) and (dy(x)/dx) are continuous at 
x=0. 
These are the boundary conditions which allow the separate solutions 


W(x) and y(x) 


for the wave function, to be matched across the boundary of the two regions. 
The continuity of ys(x) at x =0 gives W(x) = W(x) or A+ B= C whilst 


dy (x) 2 d2(x) 
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at x = 0 gives 
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The wave functions for the separate regions then become 


: tka t+ ; 
dix)= Alor te ge) 


1K;—@ 
and 
2ik “ES 
o(x) =———Ae 
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and these are shown in fig. 12.5. Note particularly that the intensity of the 
incident part of the wave function 


lea (x) P= |AP? 
whilst the reflected intensity is 
ik; +a 2 
B|’= A| =|A/’ 
BP = "al = 14) 


Thus, for any energy E < V we have total reflection as in the classical case, even 
for those particles which penetrate the classically forbidden region x > 0 where 
w(x) is finite. 

In region 2 the probability of finding the particle is 


P(x) = |po(x)|? =|C ee)? 
2 ehh 


kite? 
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Since the exponential coefficient a depends on V(x) the greater the value V(x) 
the faster the wave function w(x) goes to zero in region 2 for a given total 
energy E< V. 

When V(x) 00, as in the case of the infinite potential well, w(x) becomes 
zero, as we have seen; and there is no penetration into the classically forbidden 
region. 

Several important physical phenomena may be explained on the assumption 
that a particle with E < V meeting a potential step of finite height V and finite 
width b has a wave function w(x) which is still finite at x = b, making it possible 
for the particle to tunnel through the potential barrier, fig. 12.6. The probabil- 
ity that the particle will penetrate the barrier to x = b is given by 


P(x) = |Wo(x)? oc 7 


and beyond this barrier the particle will propagate in region 3 with a wave 
function (x) of reduced amplitude. The boundary conditions must then be 
applied at x = b to match w(x) to w3(x). 

This quantum ‘tunnel effect’ is the basis of the explanation of the radioactive 
decay of the nucleus. In addition the potential step seen by a free electron near 


Wave Mechanics 397 


Fig. 12.6. Narrow potential barrier of width b 

penetrated by a particle represented by y,(x) 

leaving a finite amplitude (x) as a measure 

of the reduced probability of finding the particle 
in region 3 


the surface of a metal may be distorted, as shown in fig. 12.7, by the application 
of an external electric field, to form a barrier of finite width. The most energetic 
electrons near the surface of the metal can leak through the barrier in a process 
known as field electron emission. 


Metal surface ss 


potential E 
Tunnelling 
of energetic 
electron 
Y= Y-Ex 


x=0 


Fig. 12.7. Application of an electric field E to the surface of a metal 

at potential Vy reduces the potential to V= Vo— Ex forming a 

barrier of finite width which may be penetrated by an energetic 
electron near the metal surface 


Another example results from the two possible positions of the single 
nitrogen atom with respect to the three hydrogen atoms in the ammonia 
molecule NH3. These positions are shown as N and N’ in fig. 12.8 together with 
the potential barrier presented to the nitrogen atom as it moves to and fro 
between N and N’. This penetration occurs ata frequency of 2:3786X 
10°° Hertz for the ground state of NH3 and its high definition is used as an 
atomic clock to fix standards of time. 


(Problem 12.16) 
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Potential 
barrier 


Fig. 12.8. The two possible configurations N and N’ of the nitrogen 
atom with respect to the triangular hydrogen base in the ammonia 
molecule NH; and the finite potential barrier penetrated by the 
nitrogen atom at a frequency of > 10°° hertz in the NH; ground state 


(b) E>V 
In the region x <0 in fig. 12.5 V(x) =0 and Schrodinger’s equation is 


: 2mE 
: LE (x) =0 


Ox 
or 
a 
3 = kiw; — 0 
with 
2mE 
kj ss + 2 


having a solution 
w(x) =A en +B PN a 
with both incident and reflected terms. 


The momentum of the particle is p; where pj/2m= E. 
In the region x >0 V(x) = V and Schrédinger’s equation is 


ar 2m(E-—V 
oe ame Ae i)=0 


Ox 
or 
2 
: = + k5y =0 
Ox 
where 
‘= Pe 


and the particle momentum p> is given by p3/2m =(E-— V). 
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In the wave function solution for this region we consider only the right going or 
transmitted term since there is nothing beyond x = 0 to cause a reflection, so 


Wo(x) = C e* 


Now the wave number k is related to the de Broglie wavelength of the 
particle and we see that k changes when the potential V changes, that is, when 
the particle experiences a change in the force acting on it. Such a particle 
therefore reacts to a changing potential as light reacts to changing refractive 
index. As the potential V increases for E> V the momentum p and wave 
number k(p = hk) decrease and the wavelength A increases. 

At x =0 the conditions for continuity give 


W(x) = fo(x) 


or 
A+B=C 
and 
dy; (x) _ difa(x) 
Ox Ox 
or 
ki(A oy B) oe ksC 
These two equations give 
(k, — k2) 
B=——_A 
(ky +k) 
and 
2k, 
C= 
k,+k, 


Since B is not zero, some reflection takes place at x = 0 even though the energy 
E> V. This is clearly not classical behaviour. If many particles form an incident 
beam at x = 0 and each particle has velocity 


hk 
petit 
m m 


then the velocity of transmitted particles will be 


hk 
py= Pa ke 
m 
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The incident flux of particles, that is, the number crossing unit area per unit 
time, may be seen as the product of the velocity and the intensity, that is 


v,|Al’ 
The reflected flux is 

v, |B? 
and the transmitted flux is 

va|C|’ 


Thus the reflection coefficient, the ratio of reflected to incident flux is 


_ HilBl (ki — (ki — ka)” 
v,|Al? (ky +k)” 


and the transmission coefficient, the ratio of transmitted to incident flux is 


_wlCl kz (2k, 4kik, 


pA! ky (ki tk)? (ky +k)? 


results which are similar to those for our classical waves in earlier chapters. 

Note that R + T= 1 showing that the number of particles is conserved. 

We have chosen here to apply R and T to a number of particles forming a 
beam. These coefficients, when applied to identical particles forming the beam, 
measure the average probability that an individual particle will be reflected or 
transmitted. 


(Problem 12.17) 


The Square Potential Well 


Let us consider a particle with energy E< V moving in the square potential 
well of width a in fig. 12.9. Within the well the potential is zero, and the value V 
of the height of the well is finite. This potential approximates that of a finite 
range force which has no influence beyond a limited distance. Outside the 
range of the force the potential may be considered constant. From our 
discussion of the infinitely deep potential well ( V = 00) and of the potential step 
we can expect our wave function representation to have the form of an integral 
number of de Broglie half wavelengths within the well, plus an exponentially 
decaying penetration into the wall on either side. 

Writing Schrodinger’s equayae: for each of the three regions, we have for 
region 1 (0<x Sa) 


0 “Wa(x) 2mE 
ax? _ 


W(x) =0 
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Vixl=V 


E<V 


V(x) =O---eees 


Fig. 12.9. A particle with energy E< V (V=the finite height of a 
square potential well of width a) may take only the energy values E 
satisfying the equation 


ae [2mE_2VE(V-E) 
h° 2E-V 
The wave functions in the three regions are matched at the boundaries 


x=0 and x=a by the conditions that (x) and dy(x)/dax are 
continuous 


with a solution, for kj = 2mE/h’ of 
wi(x)=A ens? +B eo ht 
= A (cos k,x t+isin k,x)+B (cos k,x —isin k,x) 
= A,cosk,x+B, sin k,x 


where A; =A+B and B,=i(A—B). 
In region 2 (x 2a) 


3 val) om V) 


ax? eg (x) = 0 


has the solution 
yo(x)=A,e"+B,e ™ 


where 
a? ==3(V-E) 


In region 3, (x <0) 


a Walx) ve V) 


ax? 


——5 — (x) =0 
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has the solution 

W3(x)=A;e" +B,e ™ 
For ys(x) to remain finite as x > + © (normalization condition) A, and B; must 


be zero, and the boundary conditions w(x) and dy(x)/dx continuous, must be 
satisfied at x =O and x =a. 


At x =0, 
Wilx) =Ws(x) and ee) Mat) 
x Ox 
give 
ALF oe (12.1) 
and 
k,B,=aAz3 (12.2) 


whilst atx =a 


w(x) = u(x) and dyi(x) _ dipo(x) 


Ox Ox 
give 
A, cos k,a+B, sink,a=B,e “* (42-3) 
and 
—k,A,sink,a+k,B,cosk,a=—aB,e “* (12.4) 


In order to satisfy equations (12.1), (12.2), (12.3) and (12.4) some conditions 
must be imposed on k and a that is on the value of E, so only certain values of E 


are allowed. 
Equations (12.1) and (12.2) give 


Ai_ki 
B, 64 
and this equation with equations (12.3) and (12.4) yields 
2k 
tan k;ja=—4 Sw 
k; i 


Or 


2mE_2VE(V-E) 
ey i ie ¥ 


Only those values of E which satisfy this relation are allowed energy states, but 
these values must be found by numerical or graphical methods. 
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The wave functions for the first three allowed energy values are shown in fig. 
12.10 and their general behaviour may be clarified by considering 
Schrédinger’s equation in the form 


2 
“s / w = —(+ve constant)(E — V) 


Now 0°w/dx’ is the rate of change of the slope, that is the curvature of the wave 
function and when E> V both sides of the equation are negative and the & 
curve must everywhere keep its concave side towards the x axis as it always 
does for example in sine and cosine curves. The curvature increases with E so 
we shall expect more de Broglie half wavelengths in the higher energy levels. 
This is consistent with the argument that an increase in E increases the wave 
number k and reduces the de Broglie wavelength A. 

In the lowest energy level the & curve is always without a node, the next level 
always has one node, the third two nodes, etc., but the zeros will not be quite 
equally spaced and the w amplitude will not be uniform across the well. In 
particular it will increase near the potential walls as the particle is slowed down 


x=0 x=@a 


Fig. 12.10. Wave functions for a particle in a square 

potential well with the lowest three allowed energies Fi), 

E>, E3;. Note the exponential decay of (x) outside the 
box : 
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to give a higher probability of the particle being found there. Where E < V the 
ratio 
ab /ax? 
y 


will be positive and the w curve must keep its convex side towards the axis as in 
exponential curves. The classical boundary E= V must always mark the 
division where the character of the ys curve changes from one form to the other 
and the two parts of the curve will only match for certain values of E. 


The Harmonic Oscillator 


As a final example to illustrate the fitting of y curves into a potential well we 
shall consider the potential curve V=3sx~ of the harmonic oscillator in fig. 
12.11. The calculation of the #% curves is too complicated for this chapter but 
their essential features confirm what we may expect from our earlier examples. 
Moreover, by purely classical arguments we shall obtain a very good approxi- 
mation to the wave mechanical results. 


VY 
F 2\a 
‘> > Ay 
ae 
£,* > Ay 
5 
E, => hv 
-—> 
<& > Av 
as 
t5°3 v 
x 
@) 


Fig. 12.11. Potential energy curve V of a harmonic oscil- 

ator with allowed energy levels E, = (n +2)hv. The energy 

E (with oscillator amplitude a) is shown in the text to define 

an average value of the de Broglie wavelength A = 
h/GmE)'” 


In 1901 Planck had postulated that the energy of such an oscillator could 
have the values E = nhv where n was an integer and v was the frequency. 
Schrodinger was able to derive this result in 1926 but one essential difference 
arises from the Uncertainty Principle which requires a minimum energy level 
or zero point energy of shv. 
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For a classical oscillator the minimum energy E = 0, point 0 in fig. 12.11 
gives the precise and simultaneous values x =0 and p=0, that is, a zero 
oscillation. The Uncertainty Principle forbids this. If ao is the smallest amp- 
litude of the oscillator compatible with the Uncertainty Principle, then 


1 
ag™~ 5Ax 


If po is the maximum momentum of the oscillator with amplitude dg it may be 
either in the positive or negative direction so 


Po~ Ap 
The energy of a classical oscillator is given by 
i= smu ao = 5 (Ao)(mado) a 5WA9Po 
~gw Ax Ap ~ghw ~zhw = zhv 


All other energy levels will therefore take integral steps of hy above this zero 
point energy. | 

Let us consider the energy level of the oscillator which has an amplitude a so 
that 


so that 


The value of the kinetic energy of the oscillator averaged over the distance 2a 
between +a may be written 


a = a 
2 2m 1 
ep or de | (E—4mo’x’) dx = E-imw’a’* =3F 
because 
E =+mwa* 


Thus the average value of the kinetic energy 


giving 
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This gives an average value for the de Broglie wavelength of 


h 


————— 
/4mE 
3 


and we expect n half wavelengths to fit into the length 2a at energy E where 
2a= = V/ = 
w Ym 


: ee De 


n- >= = 
2 2V4mE/3 wm 


Thus 


Writing w = 27v We have 


atid aa 
E , 5 thy 0:96 nhv 


which is a fairly close approximation to nhv. The correct result however must 


take into account the zero point energy of hv and the energy levels are given 
by 


E=(n+3)hv n=0, 1, 2, 3, etc. 


The w& curves for the first four energy levels are plotted in fig. 12.12 together 
with those for ||’. 


Fig. 12.12. Wave functions w(x) and probability densities lw(x)|? for 
the first four energy levels of the harmonic oscillator 
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We see that whilst a classical oscillator may never exceed its maximum 
amplitude a particle obeying a wave mechanical description has a finite 
probability of being found beyond this limit. 


(Problems 12.18, 12.19) 


aE 


Problem 12.1 
The energy of an electron mass m charge e circling a proton at radius r is 
Pork 
2m A4e€or 


where p is its momentum. 
Use Heisenberg’s Uncertainty Principle in the form Ap Ar~h to show that the 
minimum energy (H, atom ground state) is 


me" 
= Sesh? 
at a Bohr radius 
Eyh? 


arme~ 


Problem 12.2 

The observation of a particle annihilates its mass m and its rest mass energy Is converted 
to radiation. Use the relations Ap Ax ~h and E = pc for photons to show that the short 
wavelength limit on length measurement is the Compton wavelength 


Show that this is 2-42 x 10° '* metres for an electron. 


Problem 12.3 


When x and p vary simple harmonically it can be shown that the averaged values of the 
squares of the uncertainties satisfy the relation 
2 


(Ax)(Ap?)== 


If the energy of a simple harmonic oscillation at frequency is written 
2 
P 23 
E=——+-mo’x 
2m 2 


show that its minimum energy is 5hv. 


Problem 12.4 


An electron of momentum p and wavelength A = h/p passes through a slit of width Ax. 
Its diffraction as a wave may be regarded in terms of a change of its momentum Ap ina 
direction parallel to the plane of the slit (its total momentum remaining constant). Show 
that the approximate position of the first minimum of the diffraction pattern is in 
accordance with Heisenberg’s uncertainty principle. (Note that the variation of the 
intensity of the principal maximum in the pattern is a direct measure of the probability of 
the electron arriving at a point on the screen.) 
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Problem 12.5 


A beam of electrons with a de Broglie wavelength of 10° metres passes through a slit 
10°* metres wide. Show that the angular spread due to diffraction is 5° 47’. 


Problem 12.6 


Show that the de Broglie wavelength of an electron accelerated across a potential 
difference V is given by 


A =h/(2m,eV)'’? = 1-29 10° V-!/? metres 
where V is measured in volts. 


Problem 12.7 


If atoms in a crystal are separated by 3 x 107° metres (3 A) show that an accelerating 
voltage of ~3 kV would be required to produce electrons diffracted by the crystal. 


Problem 12.8 
Electromagnetic radiation consists of photons of zero rest mass. Show that the average 
momentum per unit volume associated with an electromagnetic wave of electric field 
amplitude Ep is given by 

P =7€0E o/c 
(Verify the dimensions of this relation.) 


Problem 12.9 


Show that the average momentum carried by an electromagnetic wave develops a 
radiation pressure 


=p = s€oE6 
when the wave is normally incident on a perfect absorber and a pressure 
P=2cp=€ Eo 


when the wave is normally incident on a perfect reflector. (Radiation incident from all 
directions within a solid angle of 27 will introduce a factor of 1/3 in the expressions 
above.) 


Problem 12.10 

If the radiation energy from the sun incident upon the perfectly absorbing surface of 
the earth is 1-4 watts metre ~ and the radiation comes from all directions within a solid 
angle of 27 show that the radiation pressure is about 107" of the atmospheric pressure. 


Problem 12.11 


In a carbon molecule the two atoms oscillate with a frequency of 6-43 x 107"! Hertz. 
Show that the zero point energy is 1-34 x 10 * electron volts (1 eV = 1-6 x 107! Joules). 


Problem 12.12 
A particle of mass m moves in an infinitely deep square well potential of width 2a 
defined by 


V(x) =0 —-a=x=<=+a 
V(x) = |x| >a 
If it is described by the wave function 
u(x) =—(1 es for |x|<a 
a 8a* 
=0 lx|>a 
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show by calculating J*, |¥(x)|? dx that the probability of finding it in the box is 0-96. 

Show that in its normalized ground state, it is represented by w(x)=(1 /Va) COs 
(arx/2a) and expand this in powers of 7x/2a to compare it with the wave function 
above. 


Problem 12.13 
Show that the normalization constant for the wave function 


14 77X N277y , N3ITZ 


sin ——— sin 
b 


w(xyz)=A sin 


describing an electron in a volume abc at the bottom of a deep potential well is equal 
to (8/abc)'’”. 
Problem 12.14 


A total of N electrons occupy a volume V in a solid at a very low temperature between 
the energy levels 0 to E, the Fermi energy. 
Show that their total energy 


= dn 
=i fa <4 #46 
u-| ws 4:68 


= 2NE, 
giving an average energy per electron of sep. 


Problem 12.15 


Copper has one conduction electron per atom, a density of 9 and an atomic weight of 64. 
Show that no, the number of free electrons per unit volume is ~ 8 X 10** per cubic metre 
and that the value of its Fermi energy level is about 7 electron volts (1 eV = 1-6 x 
10° *° Joules). 


Problem 12.16 


The probability of a particle of mass m penetrating a distance x into a Classically 
forbidden region is proportional to e *** where 
a?=2m(V-E)/h 
If x is 2X 107?° metres (2 A) and(V—E) is 1 electron volt (1-6 x 10° *° Joules) show that 
e 7¢* =()-1 for an electron 


= 10 ** for a proton 
Problem 12.17 


A particle of total energy E travels in a positive x direction in a region where the 
potential energy V=0. The potential suddenly drops to a very large negative value. 
Show that, quantum mechanically, the amplitude of the reflected wave tends to unity 
and that of the transmitted wave to zero. Note that this implies non-classical total 
reflection. 


Problem 12.18 


Show that Schrédinger’s equation for a one dimensional simple harmonic oscillator of 
frequency w is given by , 

d*y 2m 

qx? ee —imw’*x*]p =0 


and verify that if a* = mw/h then 
Wo(x) = (a/v mn)” ex7/2 
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and 


W(x) = (a/2V)"?2ax ee"? 

are respectively the normalized wave functions for Ej =3hw (zeropoint energy) and 
E, =3ho. 
Problem 12.19 
The normalized wave function for a one-dimensional harmonic oscillator with energy 
E,, =(n+3)hwo is 

Un = NH, (ax) eo"? 
where 

N. =(afa’ "Pan 

a*=mo/h 


and 


H(y) = (- iY ey d - 
dy 


Verify that &%(x) and w,(x) of problem 12.18 satisfy the expression for w,, and calculate 
(x) and w(x). 


Summary of Important Results 


De Broglie wavelength A = h/p 


Heisenberg’s Uncertainty Principle (Bandwidth Theorem) 
Ax Ap=h 
AE At~h 


determines zero point energy. 


Schrodinger’s time independent wave equation 
d7w(x) ii 2m(E— V) 

dx? h? 
w(x)=Ae'*+Be'™ 


w(x) =0 
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where 
pee E>V 
wx)=Ce".+De ™ 
where 
foo V>E 


h? 
8 ee Le 
Probability per unit length of finding a particle at x 
P(x) = |(x)/? 
Normalization 
| |u(xyz)|° dx dy dz=1 
all space 


a ————————————— 
————————————— sss 


Harmonic oscillator 


Energy levels E,, =(n +3)hv 


as 
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Absorption of wave energy, 175 
Acoustic waves, 145 

finite amplitude, 367 
Anharmonic oscillations, 359 
Attenuation coefficient, 173, 179 


Ballistic galvanometer, 32 


Bandwidth Theorem, 126, 261, 329 


Beats, 14, 79, 122 
Bessel’s functions, 335 
Brewster angle, 210 
Bulk modulus, 145, 154 


Cerenkov radiation, 370 
Complex number notation, 26 
Cornu spiral, 337 
Coupled oscillations, 74 
electrical, 82 
on a loaded string, 84 
spring-coupled pendulums, 75 
wave motion as the limit of, 90 
Criterion for dielectric-conductor 
behaviour, 201 
Cut off frequency, 89, 224 


Damped simple harmonic motion, 29 


critical damping, 31 
dead beat damping, 30 
logarithmic decrement, 35 
oscillations, 33 
rate of energy dissipation, 39 
relaxation time,36 
De Broglie wavelength, 379 
Debye theory of specific heats, 233 
Decibel, 151 
Degeneracy, 229, 391 
Deviation by a prism, 285 
Diffraction, Fraunhofer, 320 
circular aperture, 333 


rectangular aperture, 331 

single narrow slit, 267, 321 

transmission grating, 324, 327 
Diffraction, Fresnel, 336 

circular aperture, 341 

Cornu spiral, 337 

slit, 336 

straight edge, 336 

zone plate, 342, 344 
Diffusion equation, 175 

added to wave equation, 179, 198 
Dipole radiation, 302 
Dispersion, 124 

anomalous, 124 

normal, 124 
Displacement current, 189 
Doppler effect, 135 

shock waves, 368 


Earthquake, 154 
Eigenfrequencies, 118, 225, 384 
Eigenfunctions, 384 
Electromagnetic waves, 187 
in a conductor, 197 
in a dielectric, 192 
Energy 
density in an electromagnetic wave, 196 
distribution in a sound wave, 148 
distribution in a velocity pulse, 260 
in harmonic mode of a vibrating string, 
120 
Evanescent wave, 237 
Exponential series, 25 


Fabry-Perot interferometer, 314 
finesse, 319 
free spectral range, 319 
resolving power, 317 

Fermat’s Principle, 280 
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Fermi energy levels, 393 
Forced oscillator, 49 
electrical, 50 
mechanical, 52 
power supplied to, 63 
steady state behaviour, 54 
string as a forced oscillator, 109 
transient behaviour, 53, 68 
Fourier Integral, 264 
Fourier Series, 248 
application to plucked string, 255 
application to velocity pulse, 259 
frequency spectrum of, 261, 262 
Fourier Transform, 265 
application to Gaussian function, 270 
application to optical diffraction (one 
dimension), 267 
application to optical diffraction (two 
dimensions), 332, 333 
application to slit function, 267 
Fraunhofer diffraction, 320 
Fresnel diffraction, 336 
Fresnel’s equations, 207 


Group, 
many components, 126 
two components, 122 
velocity, 103, 122 
wave group, 122 


Heisenberg’s Uncertainty Principle, 129, 
381 

Helmholtz equation, 176 

Helmholtz equation (optical), 294 

Holography, 343 

Huygens wavelets, 278 


Impedance 
characteristic of string, 109 
characteristic of transmission line 
(lossless), 168 
characteristic of transmission line 
(real), 174 
conductor, 204 
connexion with refractive index, 209 
dielectric, 195 
forced oscillator (electrical), 51 
forced oscillator (mechanical), 52 
quarter wave matching, 114 
specific acoustic, 151 
Intensity of sound waves, 151 
Interference, 295 
amplitude division, 308 
dipole radiation, 302 


Index 


linear array of N sources, 304 

missing orders, 326 

spatial coherence criterion, 300 

two sources, 296 

Young’s slit experiment, 298 

wavefront division, 296 
Interference fringes 

of constant inclination, 309 

of constant thickness, 309 

Newton’s Rings, 309 

visibility, 300, 314 
Interferometer 

Fabry-Perot, 314 

Michelson’s Spectral, 311 

Resolving power, 317, 320 

structure of spectral lines, 314 
Ionic crystal 

infrared absorption in, 134 

thermal expansion in, 363 

wave propagation in, 132 


Lamé’s elastic constants, 153 
Lissajous figures, 19 
Logarithmic decrement, 35 


Mach Cone, 368 

Mach number, 372 

Magnification by spherical surface, 288 
Magnifying glass, 350, problem 10:8 
Maxwell’s equations, 190 

Michelson’s Spectral interferometer, 311 
Microscope, 352, problem 10-10 


Newton’s lens formula;350, problem 10:6 
Newton’s Rings, 309 
Non-linear oscillations, 359 
restoring force, 360 
Normal co-ordinates, 76 
Normal frequencies, 77 
Normal modes, 
one dimension, 76, 118 
three dimensions, 227 
two dimensions, 226 
Normalization of wave functions, 390 


Optical Helmholtz equation, 294 
Optical reflexion and refraction, 206, 207, 
235, 280, 282 
Optical system, 286 
Oscillations 
anharmonic, 359 
coupled, 74 7 
damped simple harmonic, 29 
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electrical relaxation, 365 
finite amplitude, 359 
non-linear, 359 

simple harmonic, 1 


Paraxial rays, 287 
Partial differentiation (notation), 100 
Particle velocity, 102 
Planck’s Radiation Law, 232, 
problem 8-12 
Poisson’s ratio, 153 
Polarization, 17 
Power 
of one spherical surface, 288 
of thin lens, 291 
of two spherical surfaces, 290 
Poynting’s vector, 194 
Propagation constant, 173, 177 


Quality factor Q 
of an oscillator, 37, 65, 67 
connection with Resolving Power, 330 


Reflexion and transmission of waves at a 
boundary 
acoustic, 156 
electromagnetic by a conductor 
(normal incidence), 211 
electromagnetic by a dielectric (normal 
incidence), 206 
electromagnetic by a dielectric (oblique 
incidence), 207, 235 
electromagnetic (optical laws), 235, 
280, 282 
electromagnetic (total internal), 237 
on a string, 110 
on a transmission line, 170 
quantum particles at a potential barrier, 
386, 394 
summary (table), 412 
three-dimensional, 235 
two-dimensional, 222 
Relaxation time 
medium, 203 
oscillator, 36 
Resolving Power 
Bandwidth Theorem, 329 
diffraction grating, 328 
Fabry-Perot interferometer, 317, 320 
Rayleigh’s Criterion, 328 


Schrédinger’s wave equation, 383 
Separation of variables (method of), 225 
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Shock waves, 368 
Simple harmonic motion, 1 
Skin depth, 199 
Snell’s Law, 237, 282 
Sound waves, 144 
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